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Determination of All Primitive Collineation Groups in More 
than Four Variables which Contain Homologies. 


By Howarp H. MircHetu. 





In a recent paper (Proc. London Math. Soc., Series 2, Vol. X, Part 4, Nov., 
1911) Burnside determined all the finite collineation groups in n variables with 
rational coefficients which contain the symmetric group on those variables, 1. e., 
the group generated by all transformations of the form 

Ce Urry Gay HY, H%= 4, ($= 1,2,....,n—1; fH, +1). 
The groups of this sort (for » >4) which are primitive (in the sense of Blich- 
‘feldt) he found to be groups of order n+1! (for any m), and groups of order 
27-34-5, 29-34-5-7, and 2%-3°-5?-7 for n=6,7,8 respectively. 

The group of order 2’.3*-5 (for n =6) is isomorphic with the group of 
the equation for the 27 lines on a cubic surface and was first exhibited in ex- 
plicit form by Burkhardt (Math. Ann., Bd. XLI, pp. 320-326). The groups for 
n= 7,8 had not been noticed before. That of order 2°-3'-5-7 is shown by 
Burnside to give a representation of the group of the 28 bitangents to a quartic 
curve. He states that the one of order 2%-3°-5?-7 is isomorphic with Jordan’s 
hypo-abelian group on eight variables. 

The author solves a more general problem, which is the determination of 
of all primitive groups in (> 4) variables which contain homologies, 1. e., 
transformations all of whose multipliers are equal with the exception of one. 
A transformation in the symmetric group on the variables which interchanges 
two of them and leaves the rest unaltered has —1 for one multiplier and +1 
for each of the others, being therefore an homology of period 2. The deter- 
mination will be made in such a way as to apply equally well to the groups in 
a general modular space,* whose orders are not divisible by the modulus. 

The results for n<4 are already known. For n=37 all primitive groups 
contain homologies, that of order 216 containing homologies of period 3 and 





* Veblen and Bussey, “Finite Projective Geometries,” Trans. Am. Math. Soc., Vol. VII (1906), 


pp. 241-259. 
+ See papers by Blichfeldt, Trans. Am. Math. Soc., Vol. V (1904), pp. 310-325; Math. Ann., Bd. 


LXIII (1907), pp. 552-572; also one by the author, Trans. Am. Math. Soc., Vol. XII (1911), pp. 207-242. 
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of period 2, and those of order 72, 36, 168, 60, 360 homologies of period 2. 
For n=4* the primitive groups of this sort are of order 25920, 120, 288, 576, 
1152, 1920, 11520, 7200. That of order 25920 contains homologies of period 3 
and the others homologies of period 2. | 

For n>4 there are no primitive groups containing homologies of period 
greater than 2. In addition to the primitive groups in Burnside’s list there 
are two others which contain homologies of period 2. These are of order 
2°-3*-5 and 2§-3°-5-7 for n =5,6 respectively. The first of these has been 
discussed by Burkhardt (Math. Ann., Bd. XXXVIII, pp. 185-224), whereas 
the latter does not seem to have been noticed. The former is isomorphic with 
the well-known simple group of that order, and the latter is (1, 2) isomorphic 
with the first orthogonal group on six indices with modulus 3.+ 


§1. TuHerorem 1. No primitive group in more than four variables con- 
tains homologies of higher period than 2. 


Two homologies which are not commutative and a third not commutative 
with the group generated by the first two and with center not on the line of 
centers must generate a group which permutes the points of the plane con- 
taining the centers. There is no possible group in the plane if the homologies 
are of higher period than 3. If they are of period 3, the group generated 
must be of order 3-216. 

An homology not commutative with this group of order 3-216 must 
generate with it a group of order 6-25920. The invariant C, is in the group 
generated by any four mutually commutative homologies. The invariant C, 


may be obtained as the product of two commutative C,, such as x; = —2@,, 
; . ee Se grne? 
a,=a, ((=1,2; 7>2), and 4 =—a4,, 4 =a, (1=3,4; 93,4). 


All other homologies of period 3 must then be commutative with this 
group. For otherwise there would be on the points of a line a C, and a C, 
not in the C,. But no group on the line can contain such cyclic groups, 
Hence no primitive group in more than four variables can contain homologies 
of period 3. 

THEOREM 2. No primitive group im more than four variables contains two 
homologies of period 2 whose product is of period greater than 3. 

Two homologies of period 2 which are not commutative and a third which 
is not commutative with the group generated by the first two and whose center 








* See Bagnera, Rendiconti del Circolo Matematico di Palermo, T. XIX (1905), pp 1-56; Blich- 
feldt, Math. Ann., Bd. LX (1905), pp. 204-231. 
+ Jordan, Traité des Substitutions, pp. 161-170; Dickson, Linear Groups, Chap. VII. 
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is not on the line of centers must generate a group permuting the points of the 
plane containing the centers. The group in this plane may be primitive or it 
may permute in all six ways the vertices of a triangle. In the latter case only 
one triangle is left invariant in this piane provided there are homologies present 
whose product is of period greater than 3. 

Consider now an homology not commutative with this group and with 
center not in the plane of centers. The group then generated in the 8S, which 
contains the centers may be either primitive or imprimitive. In the latter case 
it must permute the vertices of a tetrahedron, three of the vertices of which 
are vertices of the invariant triangle in the plane. For the latter group carries 
every point which does not remain invariant under it and which does not lie in 
the plane of centers into more than four positions, provided there are homo- 
logies present whose product is of period greater than 3. Hence any homology 
with center in the S, which is not commutative with the group and whose center 
does not lie in the plane of centers must leave fixed two of the vertices of the 
triangle and carry the third into a point which remains invariant under the 
group. 

In case there is no primitive group in an S, whatever, every homology 
must be of this sort. Hence an homology with center not in the S, and not 
commutative with the group permuting the points of the S, must leave fixed 
at least two of the vertices of each of the four triangles of the tetrahedron 
and hence must leave fixed three of the four. It must carry the fourth into a 
point which remains invariant under each of the four subgroups and hence 
into a point which remains invariant under the whole group permuting the 
points of the S,. Hence the group generated by homologies with centers in 
an S, must permute five points in that S,. 

We may then prove readily by induction that the only possible group 
generated by homologies with centers in an S,_, must permute n points in 
that S,_,. 

It follows therefore that there must be a primitive group generated by 
homologies with centers in an S,. Those which contain homologies whose 
product is of period greater than 3 are of order 576, 1152, 1920, 11520, 7200.* 
In every case there is an invariant C, obtained as the product of four mutually 
commutative homologies. The first three of these groups contain homologies 
each commutative with a group of order 2-24, that of order 11520 contains 
homologies each commutative with a group of order 2-96, and the one of 
order 7200 contains homologies each commutative with a group of order 2-60. 





* Loc. cit. 
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In any larger space containing the S, all these groups are of double the order, 
We denote the whole group by G and by H a subgroup of order 2-24, 2-96, or 
2-60 generated by the homologies with centers in a plane. 

An homology not commutative with G and with center not in the S, must 
generate with G a group permuting the points of an S,. In this S, the C, 
which is invariant under G is an homology, which we denote by h,. The 
homology which is invariant under H but not under G we denote by h,. 

In the S, there must certainly be centers which lie in neither of the two S, 
determined by the plane of centers of H and the center of h, orh,. An homol- 
ogy with such a center must generate with H either a primitive group in the S, 
containing the centers or else a group permuting the vertices of a tetrahedron. 
In either case it must contain an homology commutative with H with center at 
the point where this S; meets the line joining the centers of h, and h,. 

But there can be no other centers of homologies on this line, for it is con- 
tained by planes in which the group of the points is a dihedral G,,, whereas 
no primitive group of the points in a plane contains a dihedral group of higher 
order than 10. Such a G,, is generated by h,, h,, and an homology which is 
commutative with h, and whose product by h, is of period 3. Hence no primi- 
tive group in more than four variables contains homologies whose product is 
of period greater than 3. 


§ 2. Groups in which every homology is commutative with at least one 
homology in each dihedral G,. 


A dihedral G, generated by two homologies and an homology not commuta- 
tive with this G, must generate a group permuting the points of the plane con- 
taining the centers. The only possible groups in a plane in which the product 
of no two homologies is of higher period than 3 are of order 24 and 18. 
The former permutes the vertices of one triangle in that plane and the latter 
permutes the vertices of each of four triangles. If the group in the plane is 
of order 18, the group in any larger space containing this plane is of order 
3-18. We first consider groups which do not contain such groups as sub- 
groups. Hence we may suppose that every homology is commutative with at 
least one in each dihedral G,, since this is the case in a G,,. 


THeEorEM 3. The only primitive collineation groups in n (>4) variables, 
which contain homologies and in which every homology is commutative with at 
least one in each dihedral G,, are groups of order n+1! for any n, and groups 
of order 2'-3'-5, 2°-34-5-7 and 2%-3°-5?-7 for n=6,7,8 respectively. 
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Consider a G,,, which we represent as the symmetric group in the first 
four variables. In a primitive group there must be an homology not commu- 
tative with this group. Since it must be commutative with at least one homo- 
logy in each dihedral G,, its center must be conjugate under the G,, with a 
point such as (aaabc....) or (aabbc....), wherea#b. 

In case the center of every homology which is not commutative with the 
G,, is of the first type, the only primitive groups in » variables which exist 
are of order n+1! This may be proved by induction. Consider the symmetric 
group in » variables. The center of an homology not commutative with it 
must be conjugate under the symmetric group with a point such as 


(E,+8+.... +8, a+&,0+....=0," 
since three of any four of the first » coordinates must be equal. 
We first suppose that it is linearly dependent on the centers in the sym- 
metric group. It is then 


(+8 4+ ...- +&-.) +0—2)é,=6. 
We may suppose that the invariant linear system of this homology is 
(v4, +%+....+2,_,) +(1—n) z, =0, 
since we are concerned only with the group in the S,_., which contains the 
centers. But the product of this homology by 
U1 = By, My = Uy_,, 4% = 2, (Jen—1, zn) 
is not of period 3 since the centers and invariant linear systems do not cut out 
the proper cross-ratio on the line joining the centers for any positive integral 
value of n. t 
We now suppose that the center is linearly independent of the centers in 
the symmetric group. We may then by a transformation commutative with 
the symmetric group transform it into &,—&.,—0. We find that the in- 
variant linear system of points may be chosen as x,—x,,,=0. The homol- 
ogy is then 
Ln = Ln4iy D4 = Ly, Lf =; (jn, n + 1). 
We then have the symmetric group on n+1 variables. It is of course primi- 
tive only if represented on » variables, which is possible by reason of the 
invariant linear relation 7,+%,+....+9%,4,=0. 





* We shall find it convenient to use a dual coordinate system. 

+ It is perhaps of interest to note that if the coefficients be reduced by any odd prime as a modulus 
that is contained in n+1, the product of these transformations is of period 3. In such a case a group of 
order n+1! exists for which only n—1 independent variables are necessary. For example, we may exhibit 
the G5: in three variables by using the modulus 5, and the @6: in four variables by using the modulus 3 
(cf. Dickson, Trans, Am. Math. Soc., Vol. IX, pp. 121-148). 
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We may suppose therefore that any other primitive group in which every 
homology is commutative with at least one in each dihedral G, contains the 
symmetric group on the first four variables and an homology with center 
(aabbc....). We may take this center to be &,+&=0. The invariant 
linear system of the homology we may take to be x, +2,=—0. The homology 


is then 7, = —2,, %=—2,, %=2; (j >2). The group generated is of 
order 2°-4! in the n(>4) variables. It permutes the vertices of each of three 
tetrahedra in 4; =a”,=....=0, one vertex of each being 


€é,=0,2,+81+81+8=0, —£4+84+8+8=0. 

Consider an homology not commutative with this group. In order that it 
be commutative with at least one in each dihedral G, we find that of the first 
four coordinates of its center either three must be 0 or else the ratios of the 
four must be +1. There can be no center of either sort linearly dependent 
on the centers in the above group without involving homologies whose product 
is of period 4. Hence we suppose the existence of a center linearly independent 
of them. Since the group of order 2-96 is invariant under groups of order 
2-288 and 2-576 permuting the three tetrahedra mentioned above, we may 
take a center to be of the first type, e. g., &,—&,=—0. We find that the in- 
variant linear system may be taken to be x,—2,=0. The homology is then 
y= U;, t= %, 1; = 2, (74,5). A group is generated of order 2'-5!. 

Consider an homology not commutative with this group. Of the first five 
coordinates of its center either four must be 0 or else the ratios of the five 
must be +1. Since the group is invariant under a transformation which 
changes the sign of an arbitrary number of variables and leaves the rest un- 
altered, we may in the latter case choose the first five coordinates all as + 1. 

We find readily that there can be no more centers linearly dependent on 
the centers in the above group. We therefore suppose the existence of an 
homology with center linearly independent of them. [If all the centers of this 
sort are such that of the first five coordinates four are 0, it may readily be 
shown that no primitive group in 7 variables is possible. We therefore take 
an homology with center §,+&,+....+&,=0. We find then that its in- 
variant system of points may be taken to be 7, +%,+....+%,=0. This 
homology may be written: 


Hteat.... $+ Mm=—(*%,4+4%+....+ 4%), 
Uia1— U = Lj4,— Xj, MH = 4, (1< 8, j > 8). 
A group is then generated, permuting 36 centers of homologies. The 
group commutative with one of the homologies is of order 2-6! and the whole 
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group of order 2-6!-36 = 2’-3'-5. It is the well-known group which gives 
a representation of the group of the 27 lines on a cubic surface. It requires 
of course only six independent variables for its representation, the above choice 
of coordinates having been made for convenience in exhibiting the larger groups. 

Under this group the subgroup commutative with T :2,=—2a,, 2;= 42; 
(i<4, 7 >4) is of order 2-576. This subgroup permutes the three invariant 
tetrahedra of the group of order 2-96. On the points in 7, =%,=2,=42,=0 
it is of order 6. Each of the six transformations on these points corresponds 
to a particular permutation of the three tetrahedra. To one which leaves fixed 
the tetrahedron &,=0, &, =0, & =0, &,=0 and interchanges the other two, 
there corresponds the transformation U : x; = — x;, x; = a; (7 >5), and to one 
which leaves fixed the tetrahedron &,+%+&+&,=0, &,+&—&—£&,=0, 
&—£+8&—&,=0, &,—&—&+£,=0 and interchanges the other two, there 


corresponds the transformation V : 74 +%+9%,+%—=—(a,+%+2%,+4%;,), 
ip — U = Lr, — Xj, V =X; ((1=5,6,7; 7 >8). Of the 36 centers of homol- 
ogies 12 are in 74, =%”,=....=0 and the other 24 lie by pairs on the 12 lines 


joining the centers of U,V, UVU inv, =2,=2,= x,=0 to the vertices of the 
corresponding tetrahedra inv; =a,=....=0. 

Consider now an homology not commutative with the whole group. Of 
the first five coordinates of its center either four must be 0 or else the ratios 
of the five must be +1. Under the group of order 2-576 commutative with T 
a center of the latter type will be conjugate with a center of the former type. 
Since the symmetric group on the first five variables is present, it will be con- 
jugate with a center in 7, =%,=2,=%,=0. An homology of this sort must ‘ 
be commutative with all those with centers in 7, =a,—=....—0. Hence under 
the group generated by any such homologies no two of the three C,, U,V, UVU 
ean be conjugate. For in that case there would be centers on lines joining 
£.—0 to points in 7,=a%,=....=0 other than the four vertices of the corre- 
sponding tetrahedron. But there can be no more centers in the S, determined 
by &,=0 and that tetrahedron. 

There can be no homology with center on the line containing the centers 
of U,V,UVU in 2, =x%,=2,=2,=0. For the only such homologies which 
could generate a group under which these three centers were not conjugate 
would be two with centers at the two points interchanged by the dihedral G,. 
But neither of these points lies in 


g,+%4,=0, % +%+....+¢%=0, % +4,+%,—%,—%,+%+%,+ 2, =), 


and hence neither homology could be commutative with any one of the three 
in the dihedral G, in which these three are the invariant linear systems. 
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Hence we may suppose the existence of centers of homologies in x, = 2, 
= 4, = x,=0, but not on the line containing the centers of U, V, UVU. The 
group generated by one such homology together with U,V, UVU must have 
a self-conjugate subgroup containing the homologies under which U, V, UVU 
are not conjugate. Hence the whole group must be of order 2-24 and the 
homologies must generate its invariant subgroup of order 2-4. One of the 
three homologies must be commutative with U and we may take its center to 
be £,+&—=—0. The centers of the other two are then &,+£,=0 and &,—é,=0. 
The invariant linear system of the homology with center &,+£ =0 may then 


be chosen as x,+2,=0. It is therefore x,= —2,, 4%= —42,, %=2;(j $7,8). 

A group is then generated permuting 63 centers of homologies. Of these 
63 twelve are in 7, = %=....=0 and three in v7, => 7, = 2, = 2,=0, and the 
other 48 lie by pairs on 24 lines joining the vertices of the three tetrahedra in 
v,—=%,=....=0 with three corresponding pairs of points in 2, = 7, = x, = 
x,=0. The group commutative with one of the 63 homologies is of order 
2°-6!. It contains, however, the C,, “= —4%,, 477 = — 4%, % = —2,, % =, 


(<7, 7>8), which is invariant under the whole group. The group of 
collineations in the S, which contains the centers of homologies is then of 
order 2°-6!:63 = 2°:3*-5-7. 

This is one of the two groups found by Burnside (loc. ctt.), and it is 
shown by him to give a representation of the group of the 28 bitangents to a 
quartic curve. 

If this group is contained by a larger primitive group there must be 
homologies not commutative with the above group and with centers in x, = 2, 
=2,=2,=0. The group on this system of points must then be of order 
2-576 and the homologies must generate its invariant subgroup of order 2-96. 
In the S, containing the centers of these homologies their centers and axial 
planes must form the vertices and opposite faces of three tetrahedra. One 
vertex of each of these three tetrahedra must be left invariant by both U and V. 
We may choose one of these as &£—&,=0. The other three vertices of this 
tetrahedron must then be &,+ & =0, &+& =0, &—&=0. The invariant 
linear system of the homology with center &—£&=—0O may be taken as 
%,—x,=0. This homology is 4%=2,, % = 4%, % =, (j #6,7). 

A group is then generated which permutes 120 centers of homologies. 


Of the 120 twelve are in z,=2,=....=0 and twelve in x, =27,=2,=2,=0, 
and the other 96 lie by pairs on the 48 lines joining the vertices of the three 
tetrahedra in 7, =a”,=....=0 with the vertices of three corresponding 


tetrahedra in 2,=%,=2,=4%,=0. The order of the group commutative 
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with one of the homologies is 2''-3'-5-7. It contains, however, the C, 
X= —X,, & =a, (t£8, 7 > 8), which is invariant under the whole group, 
Hence the order of the whole group as a collineation group in the S, con- 
taining the centers of the homologies is 2-3*-5-7-120 = 2%-35-5?- 7, 

This is the other group found by Burnside (loc. cit.). To put it in the 
form in which it is exhibited by him, we first transform it by x;=—z2,, 
v= 2, (153, j >3), and then by 2,,—%; = %4,—%,, M+aH+.... +4 = 
—3(%, + %+....+ 4), % =x, (t< 8,7 >8). The group then contains and 
may be generated by the symmetric group in the first eight variables and the 
homology with center ¢,+£,+£,—=0 and invariant linear system 2(x,+2%,+2,) 
—(%,+%;+%,+2%,+2%,)=0. The latter is obtained by the two transformations 


from that with center &,+&+....+&, and invariant linear system 2,+%,+ 
..+-+%,=0. It may be written: 

, 1 , 1 . , 1 , bo 
aT = 551 — (% + %), @, = 5 8, — (% + 23), —a se (@, + %), % =, (t>3), 
where s,=2%,+%,+.... +. 


If when the group is exhibited in this form the coefficients of the trans- 
formations and the coordinates of the points be reduced modulo 2, the group 
remains the same as a permutation group on the 120 points, but it has then 
the quadratic invariant > w,27,=0 (1,7 =1,2,....,8; 17). The group is 
therefore simply isomorphic with the first hypo-abelian group on eight vari- 
ables.* Burnside states this result without proof. 

Returning now to the original choice of coordinates, we inquire whether 
any larger primitive group can contain this group. If so, there must be more 
homologies not commutative with it having their centers in 7,=27,=2,=2,=0. 
Hence there must be a group in an S, containing a subgroup of order 2-576. 
But there is no such group. Hence we have found all groups in which every 
homology is commutative with at least one homology in each dihedral G,. 


§ 3. THeorem 4. The only primitive collineation groups in n(>4) vari- 
ables, which contain homologies not commutative with any one of the three in 
a dihedral G,, are of order 2°-3'-5 and 28-3°-5-7 for n=5,6 respectively. 

An homology which is not commutative with any one of the three in a 
dihedral G, must generate with it a group of order 3-18. Such a group is 
generated by 

= By, Mg = Bi, Xi; = &; (9 > 2); 
B=eh, B— Fs, =a (§ > 2); 
Lg = My, = Mh, L, = @, (9 #2,3), 


where w is a cube root of unity. 


* Jordan, Traité des Substitutions, pp. 195-206; Dickson, Linear Groups, Chap. VIII. 


9 
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Consider an homology which is not commutative with this group. It must 
generate with it a group permuting the vertices of a tetrahedron. The group 
of order 3-18 leaves invariant four triangles in 7, =%7,=....=0, one vertex 
of each being §,=0, §,+&1+8=0, 06,+6+8=0, w§+8 +8 =0. 
We suppose that the vertices of the first triangle are vertices of the invariant 
tetrahedron, and we choose the fourth to be £,=0. If the center of an homol- 
ogy be chosen as £,— £&, =0, the invariant system of points may be taken to 
be a4,—a2,=0. This homology is then 24,=4%,, %=4%,, 4;= 4%, (7 #3,4). 
The group generated is of order 3°:4!. 

As we have seen, every homology which is not commutative with the group 
of order 3-18 must permute in common with it the vertices of a tetrahedron, 
and the same must be true for the conjugate groups. Hence an homology 
which is not commutative with the group of order 3°-4! must be such that of 
the first four coordinates of its center either three are 0 or else the ratios are 
1, @, w. If the only centers present are of the former type, it is easy to show 
that no primitive group can exist. Since the group of order 3°-4! is invariant 
under any transformation which multiplies each of the first four variables by 
1, w, @? and makes an arbitrary substitution on the others, we may take a center 
of the latter type te be £,+ 6 +....+&,=0. The invariant linear system 
of this homology may be taken as 2,+4%,+....+4=0. The homology 
may be written: 

Htat.... + xmy=— (a4, +4,+.... 4%), 
Lia —%,= Li41,—X%, x; =; (¢< 6, 37> 6). 

We find that a group is generated which permutes 45 centers of homologies. 
Of these 45, nine are in 7, =2,=.... =0, and the other 36 lie by threes on 
the 12 lines joining the vertices of the four triangles in 74,=4%,=.... =0 
with four corresponding points in 7,=27,=%,=0, te, &=0, &,+8&+8,=0, 
of, +8& +8 =0, o&+8&,+&,=0. To determine the order of the group as 
a collineation group in the S, which contains the centers of the homologies, 
we find that there are 40 planes, each of which contains the centers of nine 
homologies, and hence 40 cyclic groups conjugate with that generated by 
T :%;=0%,, 4 =a, (t£3, 7>3). The order of the subgroup (in the S,) 
which is commutative with T is 3-216. It permutes the four triangles in 
v,=2,=....=0, and on the points in 7, =2,=2,=0 it is of order 12. 
Fach permutation of the four triangles corresponds to a particular transfor- 
mation on these points. To one which leaves fixed the triangle £,=0, &, = 0, 
£,=0 and is of period 3 on the others, there corresponds the transformation 
U:2,=o%,, 2 =2, (J >4), and to one which leaves fixed the triangle 
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&£+6+8=0, &+08+0°& =0, &+7&+o0& =0 and is of period 3 
on the others, there corresponds the transformation 
V 4, + % + %=@ (2%, + Xs + %), 
M41 — My = iy, — 2, BH =U, (i= 4,5; j > 6). 

The order of the group as a collineation group in the S, is then 3- 216-40 
= 2°-3'-5. The order of the group in any larger space containing this S, 
is, however, of order 2’-3*-5, since it contains the invariant C,: 2; = — a,, 
= —%, M——4;, t= 2, (1<5,7>6). This C, is the product of any 
five mutually commutative homologies. The group in the S, is readily shown 
to contain primitive subgroups of order 6!. 

If this group is contained by a larger primitive group, there must be 
homologies not commutative with it. Of the first four coordinates of the center 
of such an homology either three must be 0 or else the ratios must be 1, w, a’. 
Under the group commutative with 7 a center of the latter sort will be conju- 
gate with centers of the former sort. Since the symmetric group on the first 
four variables is present, there must be centers whose first three coordinates 
are 0. Such homologies must be commutative with all those with centers in 
MS My... SD, | 

There can be no centers of homologies on the line containing the centers 
of the four C, generated by U,V, UVU*, U?VU. For under any group generated 
by homologies with centers on that line the four centers would be conjugate. 
Hence there would be additional centers in an S, such as 4, =a,=....=0, 
which is impossible. 

An homology with center in x, = 2%, = 2, = 0, but not on this line and not 
commutative with the above group, must generate with the four C, a group of 
order 3-216. An homology which is commutative with V we may take to be 
T= %s, =X, aw; =m, (7 #4, 5). 

We find that a group is generated permuting 126 centers of homologies. 
Of the 126 centers nine are in 7,=27,=....=0 and nine inz,=2%,=4,=0, 
and the other 108 lie by threes on the 36 lines joining the vertices of the four 
triangles in v7, =x,=....=0 with the vertices of four corresponding triangles 
in 7,=%,=2%,=-0. The order of the group as a collineation group in the S, 
containing the centers of homologies is 2’-34:5-126 = 2°-3°-5-7. 

This group must evidently contain a self-conjugate subgroup of index 2, 
consisting of all the transformations which may be written with determinant 
unity without introducing any irrationality other than w, It will be shown later 
that the latter group is (1,1) isomorphic with a known simple group. In any 
larger space containing the S, each of these groups contains an invariant C, 

generated by 2% = —o4%,, %}= 4; (t1<6, j > 6). 











12 MritcHeii: Determination of All Primitive Collineation Groups, Etc. 


If there is a larger primitive group containing the group of order 2°-3°-5-7, 
there must be homologies not commutative with it. The centers of some of these 
must lie in v, = 2, =2,=0. But the group on these points is of order 6-216 
and no larger group can contain it. Hence we have found all collineation groups 
in more than four variables which contain homologies not commutative with 
any one of the three in a dihedral G,. | 


THeorEM 5. The primitive group of order 2°+3°-5-7 wm six variables is 
(1, 2) isomorphic with the first orthogonal group on six indices with mod- 
ulus 3.* 

To prove this theorem we first transform the group as written above by 
Y= oX,, 4 =a, (t=1,2; 7 >2), and then by 

Htat.... $+ My=o? (7, +4,+.... +), 

Ti41— U = U4,— %,, Hj =H; (1< 6, 7 > 6). 
The group as transformed contains the symmetric group in the six variables, 
the homology «|= —2,, %,= —%,, 4% =, (7 > 2) and the homology with 
eenter —V—3£,+8,+8,+8+8+£&,—=0 and invariant linear system 
V—34,+%,+4%,+%,+2;+2,=0. These two homologies are obtained 
from those with centers §,+&+....+&=0 and of,+08 +++, 
+£,=0 respectively. The symmetric group on the six variables together 
with the first of these homologies generates a group of order 2‘-6! under which 
£,+£,=0 goes into 30 positions and —V—3£,+8+8+2,+8+8 =U 
into 96 positions. These are the 126 points permuted by the group. 

If now the coefficients of the transformations and the coordinates of the 
points be reduced modulo 3, the group remains the same as a permutation group 
on these 126 points, but it then has the quadratic invariant vj + 7 -+ 43+ 27% 
+a2+ a42=0. The self-conjugate subgroup of index 2 is therefore (1, 1) 
isomorphic with the simple group of the same order. 

The whole group has primitive subgroups in the six variables. The sym- 
metric group on the first five variables together with the two homologies with 
centers &,+ & =0 and §,+%+8+&,+&—V—3&,=0 generates a group 
of order 2’-3‘-5, having the invariant quadratic spread xj + 2+ 27+ a}+ 22 
—2az=0. This is the well-known group of this order and may, by a slight 
change of variables, be exhibited with rational coefficients. The symmetric 
group on the six variables together with the homology with center &, + & +&, 
+, +&—V—3£,=0 generates a group of order 7!. 


UNIVERSITY OF PENNSYLVANIA. 





* Jordan, Traité des Substitutions, pp. 161-170; Dickson, Linear Groups, Chap. VII. 














On Non-Homogeneous Equations with an Infinite Number 
of Variables.” 


By R. D. CarMicHak.. 





1. Introduction. 


In recent years important contributions to the problem of solving linear 
equations with an infinite number of variables have been made by Hill,t Poin- 
caré,t von Koch,$ Hilbert,|| Toeplitz, Schmidt,** and Boécher and Brand.tt 
The most interesting and far-reaching developments of the theory which have 
been given up to the present time are those of the last two papers mentioned. 

Two memoirs by Kotteritzscht{ appeared earlier than any of those just 
referred to. They are formal in their treatment; that is to say, the requisite 
convergence proofs are not given, so that one is without information as to 
the range of validity of the results. These researches have usually been passed 
over in silence by those who have written on the subject of infinite systems of 
equations. To be sure they are incomplete in several respects and contain 
actual errors; but they do not deserve the neglect with which they have met.$§ 

The purpose of the present paper is to indicate an important range of 
validity for the results of Kotteritzsch. His formal solutions are derived 
directly and convergence proofs are supplied for two important classes of cases. 
The results are stated in a theorem at the close of the paper. 

In connection with the results of § 5 I point out that the methods of the 
present paper have a valuable range of applicability different from that of 
previously developed theories. 


* Presented to the American Mathematical Society, December 31, 1912. 
+ Acta Mathematica, VIII (1886), pp. 1-36. Previously published at Cambridge, U.S. A., in 1877. 
{Bulletin de la Société mathématique de France, XIV (1886), pp. 77-90. 
§ Rendiconti del Circolo matematico di Palermo, XXVIII (1909), pp. 255-266. See also the numer- 
ous references in this paper. 
|| Géttinger Nachrichten, 1906, pp. 157-227; see especially pp. 218-227. 
{| Rendiconti del Circolo matematico di Palermo, XXVIII (1909), pp. 88-96. See also the references 
in this paper. 
** Rendiconti del Circolo matematico di Palermo, XXV (1908), pp. 53-77. 
+} Annals of Mathematics, XIII (1912), pp. 167-186. 
tk Zeitschrift fiir Mathematik und Physik, XV (1870), pp. 1-15, 229-268. 
§§ Compare Encyclopédie des Sciences Mathématiques, 1, pp. 319-321. 
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2. Normal Form of the System. 
Let us consider the system of linear equations 


© -_ -~ - . 
= afl =%; ee (1) 
§== 


having the property that no linear relation exists among any finite number of 
the first members. It is easy to see that the variables i,, a, %,,.... can be 
rearranged into a sequence u,, U,, Us, .... SO that the system (1) can be re- 
duced to an equivalent system of the form 


i 2) 
> AjUj,=C;, Qg=1, 1=1, 2,3,...., (2) 


s==¢ 
the k-th equation in the new system being obtained by means of a linear com- 
bination of the first k equations of the old. We shall study the equations in 
the normal form (2). It is obvious that the results for this system can be 
carried over to system (1) without difficulty. 


3. The Formal Solution of Kotteritesch. 


It is natural to expect that a solution of (2) is linear in the c’s. Accord- 
ingly let us seek a solution of the form 


m= & Sulv k=1,2,..... (3) 


If we substitute this value of u, from (3) into (2) we have formally 


rr) 00 
> a; p $50, = 
s=4 i=1 


2 2 , 
= & A,8,C=C,, t=1,2,..... 
=ij=< 


This is a formal identity in the c’s provided that 
E a,8,=8,, i, 1=1, 2,3, ...., (4) 
j=s 


where 6,, is equal to 1 or zero according as 7 is or is not equal to J. 

If we consider any fixed value of 1, we have in (4) a singly infinite system 
of equations for determining those s’s which have the given second subscript /. 
The /-th equation of the set has the second member 1; all the other equations 
of the set have the second member 0. It is obvious that there exists a par- 
ticular solution s,,—8,, Where &,,=0 when k>/ and &,,=A,, when k <1, A,, being 
the determinant formed from 


A,= 
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by replacing the last element in the k-th column by 1 and all the other elements 
in that column by 0. If now we let / vary over the range 1, 2,3, ...., we obtain 
a particular solution of (4). 

Consider now the homogeneous system corresponding to (2): 


| Ms 


a,jv;=0, t1=1,2,..... (5) 


+ 


r] 


This is also the homogeneous system corresponding to (4) for a fixed 7 and 
varying 7. Consider the infinite set of solutions 


Vj=,, k=1,2,...., 


of (5). These are assumed to be any solutions whatever of (5), whether the 
same or different; in particular we may have v,=0 for all values of 7 and k. 
Now, since s,,=8,, is a solution of (4), it is obvious that s,,=8,,+¥,, is also 
a solution of (4). This may be written in the form 
$2 (8, HG t+My, By Peek, 2)... +s 
where 


_ {0 when &>l, 
tia 2 when k <1. 


Substituting these values of s,, in (3) we have formally: 


m= > | (k,l) AytOaje, k=1,2,..... (6) 


If this value for u, is substituted for wu, in (2), a formal identity in the c’s 
will be obtained. Thus we have a formal solution of (2). If we put v,,=0, 
we have the simpler formal solution 


ty = (ky Aue= % Auer, b=1, 2 (7) 


This latter is essentially the formal solution of Kotteritzsch. It is the one 
which we shall study in the following sections of this paper. 

In a previous paper* I have had occasion to solve a particular system of 
equations of the form (2). This example illustrates the method by which ap- 
propriate determinations of the quantities v,, may be made, so as to ensure the 
convergence of (6) when the condition v,,=0 for every k and I gives rise to 
divergent series. The example also brings to notice the usefulness of this 
method when it is desired to select a particular solution (6) of (2) which has 
important properties in addition to satisfying the system of equations. 





* AMERICAN JOURNAL OF MATHEMATICS, XXXV (1913), pp. 164-175. 
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4. Validity of the Formal Solution (7) as an Actual Solution. 





In the first place it is obvious that (7) cannot afford a solution of (2) un- 
less every infinite series in (7) is convergent. But there are other conditions 
which must also be satisfied. Substituting from (7) into the first member of 
(2) we have 











SS ay(4, Ayer. (8) 





Assuming for a moment the validity of an interchange in the order of summa- 
tions in (8), we should have for the value of (8) 





+ 2 a,(4, NAe= = 2» a(9, 1) Anei=¢;, 


i=4e=4 j=t 






since 
> 4;;(9, ly) Ag= > A8u=9:- 
jot jai 


tj? 






Hence we conclude that (7) will afford a valid solution of (2) when and only 
when the series in (7) converges for every value of k and the interchange of 
the order of summations in (8) is legitimate. 

Now we may think of (8) arranged as a double series: 


y(t, 1) Aye, +44 (4, 2) Aco t+ay(t, 3) Agest..--, 
@,,:4:0041, 14,4, 6,44, 4,(04+1, 2) Ai4 120 +4, 41(0+1, 3B) OirisCst----, 
A; 54(t+2, 1) Oj45, 16,44, ¢42(t+2, 2) Dire oo +O; 42 (t+2, 3)Os49 set aren siete 


ee 


















The necessary convergence in (7) implies the convergence of every row of this 
double series. Then for the convergence of this double series it is necessary 
and sufficient* that the convergence of the rows be uniform and that the series 


ne ae 


shall be convergent, where S,, is the sum of the m-th row of the double series. 
Clearly the convergence of this double series is sufficient to ensure the legit- 
imacy of the interchange in the order of summations in (8). Hence we con- 
clude that (7) will be a valid solution of (2) in all cases when the convergence 
of the first series in (7) is uniform with respect to k and the series > Aju; 18 
j=8 
convergent, where u,; is the sum of the series (7) for k=j. We shall deter- 
mine two important cases when these convergence conditions are satisfied. 





* See Hobson’s Theory of Functions of a Real Variable, p. 466. 











with an Infinite Number of Variables. 17 


In developing each of these two conditions we shall have need of Hada- 
mard’s fundamental theorem* concerning an upper bound to the absolute value 
of a determinant. This theorem may be stated as follows: 

If A is an n-th order determinant in which @,, is the element in the i-th 
row and the j-th column, then 


JA|SVrr,... 17,9 |A|SVp.o,...-p 


n? 


where 
n n 
r= 2 Bal’, Pi= >> |Bicl?. 
j=l §=1 


5. First Class of Cases. 
To obtain our first condition implying the validity of (7) as a solution of 
(2) we proceed thus: Denote by o; the sum 
5 | a,,|?. 
From the definition of A,, and the ei inequality for |A| in Hadamard’s 


theorem we see that 


l 

be ite > Il o,<0,0,....6;. 
OC; 4=3 

From this it follows that the first series in (7) for u, is term by term not 

greater in absolute value than the series 


= Vo0q.- - -0;,| 6%]. (9) 
If this series converges, it follows that the first series for u, is uniformly con- 
vergent with respect to k. Also, it is obvious that 
Vo,0,... 


-0; ° 
ve |¢,| =A,, 
O; 


where A, is defined by this relation. Consider the series 


3 |a,|4,, i=1,2,..... (10) 
J=4 





|u| > 
i=k 


From our test in § 4 it follows that the convergence of series (9) and (10) is 
sufficient to ensure the validity of (7) as a solution of (2). 

Since |u,| is evidently not greater than the sum of (9), it follows from 
our test in § 4 that the convergence of (9) and of the series 


> |a,|, é=1,2,...., (11) 
s=4 


is also sufficient for the validity of (7) as a solution of (2). 








* Bulletin des Sciences Mathématiques (Darboux), XVII (1893),. pp. 240-246. 
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-:° °:A comparison of these results with the theory of von Koch and ‘also with 
that of Schmidt will be sufficient to show that the methods of the present paper 
have an important range of applicability different from that of previously de- 
veloped theories. To take a fairly obvious case, let us consider a system of 
equations (2) in which : 


(a,,| S Mit, 
where MM is independent of i andj. It is easy to see that the numbers ¢,, ¢,, 
Cg, .... can be chosen in an infinity of ways so as to ensure that the requisite 


convergence conditions are satisfied. A comparison of this case with those 
treated by von Koch and Schmidt is sufficient to justify the statement made 


above. 
| 6. Second Class of Cases. 
To obtain a second condition under which (7) affords an actual solution 


of (2) let us assume with Schmidt the convergence of the series |a,,|?+ |a |? 
“+.... for every value of 1. We write 


J a 
$= % lay!’ =z], 2, oeeee 


Applying the first inequality for |A| in Hadamard’s theorem we see that 
| Ay, |? S 5558... - 8), S=2, 
since the sum of the squares of the absolute values of the elements in the i-th 
row of A,,, i#1, is equal to or less than s,, while the corresponding sum for the 
l-th row.is 2. From this it follows that the first series in (7) for u, is term 
by term not greater in absolute value than the series 


2 Vs 081- + + 8-1 41- (12) 





If this series converges, it follows that the first series for u, is uniformly con- 
vergent with respect to k. Also, it is obvious that 





|u| S = VSS. -- .8;-,1%| =Bi 
‘where B, is defined by this relation. Consider the series 


= |ay|B,,- +=1, 2, ..... (13) 
j=i 


From our test in § 4 it follows that the convergence of series (12) and (13) is 
sufficient to ensure the validity of (7) as a solution of (2). 

Since B, obviously decreases with increase of k, it follows from the above 
result that the convergence of (12) and (11) is also sufficient for the validity 
of (7) as a:solution of (2). 
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7. . Statement of the Principal Results. 


The principal results which we have obtained may be stated as follows: 
Tueorem. If the system of equations 


jij=6,, 1=1,2,...., (A) 


has the property that no linear relation exists among any finite number of the 
first members, it can readily be reduced to an equivalent system 


b GyU,=C,, G@g=1, t=1,2,...5. . (A) 


j it 
j= 


Denote by A,,; the determinant formed from 








1 dy, Mg Ay ay, 

0 1 Gy Gs, Qe, 

0 0 1 @, As, 

0 0 0 0 1 
by replacing the last element in the k-th column by 1 and all the other elements 
in that column by zero. Denote by v,,, kK=1, 2, ...., any solution v,=v,, of 
the system 

Sa,jvj=0, i=1,2,..... 


=t 


Then a formal solution of equations (A) is 
= & {ky Ant ulery k=1, 2 +5 (B) 


where (k,l) is untty when 1=k, and is otherwise zero. If we take v,,=0, this 
reduces to 
u= 5 Aye), k=1,2,..... (C) 
l=k 


Among the cases in which (C) certainly affords an actual solution of (A), 
are the two general classes in which the one or the other of the two following 
conditions are satisfied: 

1. Ff . 

a > | a;:[?, 
then the series 7 


00 SO tone! * 
2 Vo0,..- 0,14! 5 = |a,|A,;, t=], 2 ee 
> jai 
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converge, where A, has either of the two values A;=1, j=1, 2, ...., or 
« Vao,....0 
aa a — J a: ae 


r] 
2. The series |a,,|?+|a,|?+|a,|/?+.... converges to the sum s;. The 
series 





5) oO 
2% Vso8,- ++ + 8114s S)=2; = |4,;|B;, t=1,°,...., 
= j=t 


converge, where B, has either one of the two values B;=1, j=1, 2, ...., or 





By= 2 V ss, - = 81-4! 4rl> gurl, 2, 1.2 + 


From a solution of (A) a solution of (A) may readily be found. 


~ [npiana UNIVERSITY: 














On Constrained Motion. 


By Peter Fiexp. 





Introduction. 


The traditional problem in the mechanics of a particle supposes given a 
system of particles with a certain number of degrees of freedom and a system 
of forces; the solution of the problem consists in determining the motion of 
each particle. Lagrange’s equations enable us to do this provided it is possible 
to overcome the difficulties incident to the integration of the equations of motion. 

Painlevé* has shown that in discussing problems of this kind, if we assume 
Coulomb’s laws of friction to hold true, we must proceed with caution, as the 
supposition that motion takes place may lead either to conditions which are 
incompatible or to the possibility of more than one solution.t In some of the 
problems discussed by Painlevé, our interest is not primarily in the whole 
history of the subsequent motion but rather in knowing how many values of 
the acceleration are possible at the given moment with the given initial condi- 
tions. This is the point of view which is adopted in this paper. 

Efforts have been made to dispose of the cases where more than one motion 
is possible by taking account of the elasticity of the material and also by sup- 
posing that it must be possible for the frictional force to increase from zero 
up to its maximum value,j but the fact nevertheless remains that when we sup- 
pose that we are dealing with a rigid system and suppose the frictional force 
at any point is proportional to the normal pressure at that point, and make no 
additional assumptions, we are led to cases where there may be more than one 


solution.$ 





*« Lecons sur le frottement.” 

+ See my paper on Coulomb’s laws of friction, Zeitschrift fiir Mathematik und Physik, Vol. LXI, p. 68. 

tSee Lecornu, Comptes rendus, Vol. CXL (1905), p. 635, and De Sparre, Vol. CXLI (1905), p. 310; 
also Zeitschrift fiir Mathematik und Physik, Vol. LVIII (1910), articles by Klein, Mises, Hamel, Prandtl, 


Pfeiffer. ; 
§See Appell, Traité de mécanique rationnelle, Vol. II, p. 127, 3d edition. 
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Statement of the Problem. 


The purpose of this paper is to investigate what conditions must be satis- 
fied in order that the supposition that motion takes place may lead to condi- 
tions which are compatible, when there are no external forces and we have two 
particles m, and m, connected by a weightless rod of length / and one or both 
are constrained. The different cases may be tabulated as follows: * 


m, is constrained to a surface and m, is free, 
m, is constrained to a curve and m, is free, 
m, and m, are both constrained to surfaces, 
m, is constrained to a surface, m, to a curve, 


m, and m, are both constrained to curves. 


The data are chosen as follows: The particle of mass m, is at P, (Fig. 1) 
and the second particle is at P,. The velocities of m,; and m, are u, and u,. 


Uy 


UW 









sed 
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f 


Fie. 1. 


The projections of these velocities along / and at right angles to / are (v, v,), 
(v, v.) respectively, the projections along / being equal as P,P, is of constant 








- ..* Some special cases have been studied by Painlevé and others. A study of the case where the two 
particles are constrained to parallel plane curves will appear in one of the forthcoming numbers of thé 
Zeitschrift fiir Mathematik und Physik. 
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length. The angle between v, and v, will be called 6. In case the particles 
are constrained to curves, p, and p, are the radii of curvature of the paths; 
while if the particles are constrained to surfaces, p, and p, are the radii of curv- 
ature of the plane sections determined by the velocity and the normal to the 
surface. The coefficients of friction will be denoted by u, and u,. 

The angles 0, and 6, shown in Fig. 1 can be expressed in terms of », v,, 
v,; but @, and @,, also shown in the figure, are independent of the preceding 
parameters. We therefore have the following thirteen independent param- 
eters: m,, Me, Ly, Me, J, V, Vi, V2, Pir Po» 9, p:, pp» The tension in the rod is 
called 7. 


Case (a): m, 1s Constrained to a Surface and m, is Free. 


2 


The projections of the acceleration of m, are 7s along 9,, oh j, in the 
1 


direction of u,,and = (1—cos? @,—cos? 0,)* along a line perpendicular to u, and 


p, (Fig. 2). 








Fi@. 2. 


In order to get the value of j, it is necessary to find the pressure agua 
the surface. This pressure is 


2 
| —m, = ~+T co 8 9,|; 





and we have at once the equation 
vty? 


Le 





+T cos 9,|+T7 cos 6,. 


MJ, = — [| —™, 
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The acceleration of m, is directed along P,P, and is equal to — = Now 
2 


as the distance between the two particles is constant, the projections of their 
accelerations along P,P, differ by 








vi + v3 — 2v,v, cos 6 


ol= j ‘ 





w being the angular velocity of 1 and consequently equal to the geometric sum 
of v, and —v, divided by 1. 


4a o 








Fig. 3. 


In case motion is possible we must therefore be able to determine T so as 
to satisfy the equation 


T = 
— eos? 6,—u, cos 0,| — cos o,— 
m, 1 4 | mM, 9, 


ur u? rs . ‘ 
" | + : cos $,+ < (1— cos?,— cos? 6,) 
_ ut %— 2v,v, cos 0, T 


l mM, =. 








This equation may be rendered a trifle more compact by substituting k? and k? 


vi + v3 — 20,0, cos 0 
l 





2 
for and a It can then be written 
1 


sin’ >, 1 2 a L 2 
— + a) tH cos o,—k? =u, cos 6, | = %,—k}|. 
This condition is easily interpreted geometrically. In Fig. 3 the values of 


i 1 
n=1( sin ?, +- mth cos 9,—k? 


2 
m, 
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are represented by points on a straight line, while the values of 
Mi 
Y2=l, Cos 0,| —- cos o,—hj| 
mM, 


are represented by points on a broken line which will lie above or below the 7’ 
axis according as 6, is acute or obtuse. The values of 7 at the points C and D 
satisfy the conditions of our problem. If the data were so chosen that A co- 
incided with B and the slopes of y, and one segment of the broken line were 
equal, we should have an infinite number of solutions. If 6, is acute and A 
lies to the left of B, there will be but one solution if the slope of the line y, is 
greater than the slope of the broken line; while if A lies to the right of B and 
the slope of y, is less than the slope of the broken line, our equation has no 
solution. The problem may therefore have 0, 1, 2, or an infinite number of 
solutions depending on how the data are chosen. 


Case (b): m, is Constrained to a Curve and m, is Free. 


The acceleration of m, lies in the osculating plane of the twisted curve to 
which m, is constrained. The component along the radius of curvature has the 


same value as in case (a), but the value of j, is different, as the pressure 


2 


. e . U . . 
against the curve is now the geometric sum of —m,— and the projection of T 
Pi 


on the normal plane to the curve at P,. This pressure (Fig. 2) is equal to 





2 4 
\r sin? 6,—2Tm, i cos 9, + my 7 ° 
1 1 


Therefore 





ae a ; me ui ut 
i= ee HN in? sin? 6,— oe a a os $+ e 


If we now write the condition that the projection of the acceleration of m, 


; T , ; 
along the rod is equal to — oi +7] and use the same notation as in (a), we 
2 


have 


7 


a 6, =) +H cos ¢,—k?=p, cos tl fo sin’ 269 7 —ki eos $, +ki 
n, 


Mm, 


as the condition which 7' must satisfy. 
The possible number of solutions is the same as in case (a); 7. e., it may 
be 0, 1, 2, or an infinite number. Instead of having the points of intersection 


4 
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of a straight line and a broken line as in Fig. 3, we now have a straight line 
and an are of an hyperbola. In order to have an infinite number of solutions 
it is necessary that the hyperbola degenerate. In that case cos ¢,==+ sin 6,, 
which means that the radius of curvature lies in the plane of the connecting 
rod and the direction of the velocity of m,. This condition alone is of course 
not sufficient to give an infinite number of solutions. In addition two condi- 
tions corresponding to those of case (a) must be satisfied. 








There is no difficulty in satisfying these conditions. For instance take 
cos @,= sin 6, and suppose 6, acute. The other two conditions are 











mki k®—kj sin 0, 
sin6, cos?6, 1 ’ 
m, My 





















cos’ 4, | 1  u, cos 9, sin 0, 
mM, Ms mM, ; 


The first might be regarded as an equation to determine k’ and the second as 
an equation which determines u,. 


" N 4 41 f' ‘ t 


4 P 








Fig. 4. 


Case (c): m, and m, are Both Constrained to Surfaces. 


According to (a) the projection of the acceleration of m, along P,P, is 


ae sin? 9, +k} cos ¢,—, cos 9, | J cos ¢,—kj|. 
m, m, 


As the projection of the acceleration of m, along this line has the same form 


2 
provided we replace T by —T, 0, by 6,, 9, by $,, and k? by ‘a =k, the equation 
2 
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which determines 7’ may be written 





2 2 
(ee % —— O) cos $,—k3 cos ¢,—k? 
2 
T as 
= "4, cos 0, | = cos @,—k}| —u, cos 8,| — cos ,+ks|, 
Mm, mM, 


or y=y,—y,. It is no restriction to suppose the angles 6, and 6, acute. The 
values of 


Yi:— Y=, Cos 9, = a $,—ki| —u, cos 8, [= ‘aie d, +k} | 


will then lie on a broken line composed of three rectilinear segments as in Fig. 4. 


The desired values of 7’ are found as the values of 7 at the points of 
intersection of the broken line with the line 





y=7(—* ~ a cos $,—kj cos $,—k’. 
This gives rise to 0, 1, 2, 3, or an infinite number of solutions, depending on 
how the values of the constants are chosen. Some of the constants, as u,, Me, 
M,, M,, ki, kz, k?, are from their nature positive, but even with this restriction 
cases with the different numbers of solutions are readily constructed. 

As an illustration let us build a case with an infinite number of solutions 
We might take the vertices of the broken lines at the same point and have the 


line 





sin? sin? 
y=1(S Pr Se) cos $,—k; cos ¢,—k* 


coincide with that part of the broken line y,—y, which lies to the right of the 
common vertex of y, and y, (Fig.5). This can readily be accomplished by 
taking 

m,=m,=1, cos @,=— COS 9,, 


_ My COS 8, cos @,+2 sin? ¢, 
_ cos 6, cos 9, 





’ 


cos?¢,+ sin?¢, 2k} 


M=28 = ; 
Cos 9, Cos 9, 





u, and k? being positive, we add the further restrictions that 0,, 0,, o, are acute. 
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Case (d): m, is Constrained to a Surface and m, to a Curve. 


From (a) and (b) the projection of the acceleration of m, along the rod is 


Y sin* ?, 
m 


1 


+k} cos ,—u, cos 6, | ~ cos 9,—ki| 
1 


when m, is constrained to a surface and 





cos? 9, ?r. ~ 
r gy ‘+k? cos $,—, cos Nee sin?9,—2 — cos @, +k 


when constrained to a curve. If m, is constrained to a curve, the value of the 


projection of its acceleration along the rod is obtained from the corresponding 


4, 
pan ¢' fp 
{! 








Fig. 5. 


expression for m, by replacing T by —T and making the subscripts 2 in place 
of 1. From this it follows at once that when m, is constrained to a surface 


and m, to a curve, the stress in the rod must satisfy the equation 





2 2 
r( =. = M1 ee mee cos @,— ki cos ¢,—k? 


ae — — — 


=, cos 6, | 08 o,—ki| —u, cos 6, mis g sin’ 6, +2 i cos 9,-+ kt, 





or more briefly, y=y,—y,. 


Suppose the angles 6, and 6, are obtuse; the values of y,—y, corresponding 
to the different values of T will then lie on two ares of hyperbolas as illus- 
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- trated in Fig. 6. The values of 7 which satisfy our problem are found as the 


values of 7 at the points where the curve y,—y, is cut by the line 


sin? cos? 6 
y=T( a + = +H cos p,—k}; cos ¢,—k’. 





It is easily shown that there are 0, 1, 2, 3, 4 or an infinite number of solutions 


depending on how the data of the problem are chosen. 


d-gt 











Fig. 6. 


Case (e): m, and m, are Both Constrained to Curves. 


By making use of the results already derived we have at once the equa- 
tion for 7; viz., 


(= 6, 


m, 





cos? 6 
++ am *) 443 cos @,—k5 cos $,—K? 





iy nz ‘ z 2 4 
=U, cos 0, mi sin ‘din cos @, + hi 





—[l, COS On| = sin’ 6,+2 = kz cos @, +k, 
ms mM, 
or Yy=Y¥,\—Y%- 
The values of y,—y, corresponding to different values of 7 will lie on an 
are of a quartic curve, and we have 0, 1, 2, 3, 4 or an infinite number of solu- 


tions for our problem, just as in case (d). 
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An Elastic Connecting Rod. 


Although the case where the connecting rod is elastic does not come with- 
in the scope of this paper, as we are dealing with a rigid system, it may be 
worth mentioning that it is at once apparent that when the rod is supposed 
elastic, the stress can have but one value, which is determined by the strain, and 


consequently the accelerations at P, and P, have but a single value. 
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Covariant Curves of the Plane Rational Quintic. 


By J. I. Tracey. 





Introduction. 


Let a plane rational curve p” of order » be given parametrically by the 
equations 
x= (a,t)” (t=0, 1, 2), (1) 
then any line of the plane intersects p" in n points whose equation may be rep- 
resented symbolically by the binary n-ic. 
| (a) (at)"=0. (2) 
We shall designate this form by C,,,, since it is of the n-th order in the param- 
eter ¢ and involves the coefficients of the line & to the first degree. 

If J, is an invariant of C,,, it contains the coefficients of the line to the 
k-th degree and, for a varying &, represents a curve of class k. This curve 
is the locus of line sections of p” for which I, vanishes. 

Any covariant C,,, of C,,, is of degree / in the &’s and of order m in the 
t’s. Now for a given & we obtain m points t,, T,,....,T, on p”. These are 
the roots of the equation C’,,,=0. However, for a given point of p", say t=¢, 
Cm becomes a curve of class / which is the locus of line sections of p” contain- 
ing ¢ for a root of its C,,,,. 

If for a given line C,,, vanishes identically, then the coefficients of this 
m-ic give a linear system of at most m-+-1 curves of class 1, each containing all 
line sections of 9" for which C, ,, vanishes identically. By this means we can 
frequently express in concise form all the independent curves of a given class 
which contain special line sections of p", and account for all degenerate curves 
whose degeneracy is due to the multiplicity of the system. 

It is important to keep in mind that when a covariant C,,,, vanishes iden- 
tically, all invariants and covariants of C,,, likewise vanish. Interpreted geo- 
metrically, if a linear system of curves given by C,,,, contains a set of lines L, 
then any curve or system of curves derived from invariants and other cova- 
riants of C,,,, respectively, will contain lines Z and contain them multiply. 
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Thus, if 7,, is an invariant of C,,,,, each line L is a q-fold line of the curve rep- 
resented by this invariant. A covariant of C,,, containing its coefficients to 
the r-th degree will determine a linear system of curves of class rl, and L will 
be r-fold lines of this system. Finally, any operation of C, ,, on a second form, 
or conversely, will give a system of curves on L. ‘ 









§ 1. Covariant Curves on the Double Lines and Stationary Lines of 9”. 






The curve p” has in general 3(n—2) stationary lines and 2(n—2) (n—3) 
double lines. Now there is a covariant C,,,_5) o(,—2) Which vanishes when C, , 
has a triple root, and also vanishes if C,,,, contains two double roots. This cova- 
riant gives the 2n—3 independent curves of class 2(n—2) on the (n—2) (2u—3) 




























stationary lines and double lines of p”. In terms of the roots a,,a,,...., a, 
of C,,,, it is 
Cacu—2), 2(02—2) == (@,—G)* (a,—a,)*....(a,—a,_,)* (a,—a,)? 
62+ (Gy —g—O-1)® ($a) 2°, (3) 


For the rational cubic this covariant is the C,,,* the Hessian of the C,,, and 
its coefficients give three independent conics on the three stationary lines. 
In the case of the p* the corresponding covariant is t 


C7, .=31,C,,,—21,C,.., (4) 


and its coefticients equated to zero give five independent quartic curves on the 
six stationary lines and four double lines of the base curve. 
Similarly for the p’ the covariant is + 


Co, 6=4C3, 2 + 12C, Cy, 4+ Ce, gl,—216C3 5. (5) 
From the coefficients of this covariant we obtain a linear system of seven 


independent sextics, by means of which the six-fold infinity of sextics on the 
nine stationary lines and twelve double lines of p° may be expressed. 


§2. Covariant Curves on the Double Lines of 9". 


The condition for C,,,, to have two double roots is the identical vanishing of 
& Co, —5,3n—2): The coefficients of this covarient give 3n—5 curves of class 2n—5 
on the 2(n—2)(n—3) double lines of p". Now since there are only 3 (”n—2) 
linearly independent curves of class 2n—5 on 2(n—2) (n—3) fixed lines, we 





* The fundamental forms used throughout are, unless otherwise stated, the same as given by Salmon, 
“Higher Algebra,” fourth edition, or by Elliott, “ Algebra of Quantics.” The notation is the same as 
Elliott’s. 

+ Salmon, “ Higher Algebra,” p. 199. 

{This covariant corresponds in form to the one given by Cayley, Collected Mathematical Papers, 
Vol. IV, p. 276. 
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shall expect the existence of a linear relation among these 3n—5 coefficients. 
Expressed in terms of the roots of C,,, this covariant. is 
Con—5,3(n—2) = 2 (a,—a,)....(a,—a,) (ag—a,).... 
(a,—a,,) (a,—a,)....(a,—a,,) (a,—a,)”.... 
(0,1 —G,)” (t—a,)"~* (t—ay)"~? (L—ag)*~*. (6) 
For the p* this covariant is the C;, giving seven cubic curves on the four 
double lines. It has been proven* that this form is apolar to the sextic equa- 
tion whose roots give the six points of inflection of the p*‘, thus accounting for 
the linear relation which has been mentioned. 
The condition that C,,, have two double roots is the vanishing of the 
covariant t 


C5, 5=50C, 6 Cs, s—C1,5(Cs, 4 +3CZ 2). (7) 


These coefficients give ten curves of class 5 on the twelve double lines of the 
p*, and the apolarity relation existing between this covariant and the equation 
which gives the nine points of inflection has been proven by direct calculation. 

The covariant whose vanishing is the condition that C,,, have two double 
roots is as follows: t 


. C;, »=36C,, 12 I;—35C,, 6 Ci, ef,+25[1 IC, Cs, s—2C,, 4 Cs, I, 
+21C, .C, »—18C,, Cr etCs5Cu 4], (8) 


and in a similar manner as above these coefficients give septimic curves on the 
twenty-four double lines of the rational sextic. That the apolarity relation 
exists between the C, ,, and the equation giving the twelve points of inflection 
of p® is due to the following general theorem. We shall now prove that: 

The covariant Cy,_5, 3¢n—2), Whose vanishing is the condition for two double 
roots, is apolar to the 3(n—2)-ic which gives the points of inflection of p”. 

Each curve of class 2n—5 determined by the coefficients of the covariant 
has 2(3n—7) common lines with the p” in addition to the double lines. Now the 
base curve p” may be represented in point form by a function of } A, &, #"},§ 
and in line form by } A’, 2, #—}. The C,,_; 3:,—2) 18 similarly represented 





* Thomsen, AMERICAN JOURNAL OF MATHEMATICS, Vol. XXXII, p. 230. 

+ Cayley, Collected Mathematical Papers, Vol. II, p. 469. Cayley’s C,,, is Elliott’s C2,,—O,, 4. 

{The fundamental forms of C,,, used in the calculation of this covariant were taken from Cayley, 
Collected Mathematical Papers, Vol. XI, p. 377. 

§ This is another way of writing (a¢) (at)", the parametric equation of p", A representing the coeffi- 
cients of the binary n-ics cut out by the reference triangle. The exponent of any quantity indicates the 
degree to which that quantity enters in the given expression, the brackets, { }, meaning a function of 
the enclosed quantities. 


5 
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by | A2"—°, En, 8-2)! and on writing its apolarity relation with an arbitrary 
form (at)*~® the resulting expression is |} A"—°, £"-°,a{. This represents a 
curve of class 2n—5 on the double lines of p". The contacts of common lines 
to these two curves are given by the incidence condition of £ and x in the forms 
} A—*, £m at and | A’, a, ?@-{, respectively, the result being the equation 


{ AS@a—5), g, 72(n—1)@n—5)} — 0), (9) 









Equation (9) contains, as we have already seen, the contacts of the double 
lines which involve A and ¢ to the degrees 6(n—3) and 4(n—2) (n—3), respect- 
ively. On removing this factor we are left with the contacts of the extra com- 
mon lines which are given by the equation 


{ A8, a, £26"—7)} —0, (10) 








Now it must be possible to obtain equation (10) by means of the trans- 
vectant process, so we shall examine the covariant sets of points along p”. 

There is no such covariant which involves the A’s to a degree less than 
3, and the highest order of such in the variable is 3(n—2). This of course 
is the form giving the points of inflection of p", which in this notation is 
| A’, 2)! Therefore equation (10) is the first transvectant or the Jacobian 
of the arbitrary form (at)?“~—” and the linear covariant } A’, 2%~”}. 

In general, then, for every set of points given by (at)*—® there is a curve 
of class 2n—5 on the double lines formed by its apolarity relation with 
Con—5,3(n—2): However, if (at)®“— ==} A’, 2” } their Jacobian vanishes and 
there is no such curve corresponding to this set of points. This proves the 



















theorem. 
§ 3. Covariant Curves on the Stationary Lines. 


The covariant which vanishes when C,,,, has a triple root is a Cy,, 3), ¢¢n—4): 
From this form there are 4n—15 curves of class 2(n—3) on the 3(n—2) sta- 
tionary lines. There are, however, 2(n—2)(n—4) curves of class 2(n—3) on 
3(n—2) lines, and for values of n=6, we shall show how all the remaining 
curves are given by invariants which vanish when C,,, has a triple root. 

In terms of the roots of C,,,, this covariant is 


n(n—1) 


Mr 


Cein—2), 0-2) = (a,—a,)?. tee (a,—@,_»)” (a,—a,)?. cee (@,_3—G,_»)” 
(a 


i a a. (11) 


When n=4 this becomes the invariant J, of the C,,,, and it is well known that 
this conic touches the six stationary lines of p*. 
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The condition that C,,, have a triple root is the vanishing of * 
C, .=38Ch.— ns (12) 


The invariant J, also vanishes for a triple root; hence the C, , and the J, give 
the linear system of six independent quartic curves on the nine stationary 
lines of 9”. 

The covariant in question becomes a C,, for the C,,, and this gives nine 
sextic curves on the twelve stationary lines. However, there are two inva- 
riants, an J, and an J,, which vanish when C,, has a triple root.t The 
quartic curve given by the J,, together with any conic in the plane, is a degen- 
erate sextic, and hence a five-fold infinity of the required system is given by 
this invariant. We have thus located sixteen independent sextic curves from 
which the entire linear system on the twelve stationary lines of the p° is 
determined. 


§ 4. Special Line Sections of 9°. 


To examine the curves given by the covariants and invariants of C,,, and 
study their relation to the base curve, we shall enumerate certain line sections 
of p°, together with the reduced form which the corresponding binary quintics 
can be made to assume. 

a. There are six so-called cyclic lines whose intersections with ° are 
given by a binary quintic which is apolar to a unique quadratic. Such line 
sections are reducible to the form 2°+y’. 

8. Fifteen lines such that four of the intersections are two harmonic 
pairs, while the remaining intersection is a root of the Jacobian of the two 
pairs. This form is reducible to ~(z'+y‘). 

y. There are fourteen lines of p’ such that the point of contact and three 
remaining intersections are a self-apolar quartic. The corresponding binary 
form may be written x? (x+y). 

6. Ten lines whose intersections with p’ constitute a binary cubic and its 
Hessian. These can take the form xvy(2*+y’). 

e. There are nine stationary lines giving forms reducible to a°(a#?+y’). 

£. Twenty-four lines of p’ such that the contact of each forms with the 
three remaining intersections a binary quartic which breaks up into harmonic 
pairs. These binary quintics can take the form w*y(a*+y?’). 

y. Twelve double lines which can be reduced to the form a’y?(x%+y). 








* Cayley, Selected Mathematical Papers, Vol. II, p. 469. The C},, is Elliott’s C,,,. 
{+ Salmon, “ Higher Algebra,” p. 263. 
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It is observed that the C,,, in each of these reduced forms consists of only 


two terms. 
§ 5. The First Osculants of 0°. 


Let the rational quintic be given by 
v,=a,t?+5bt*+10¢8+4+10d,?+5et+f,= (at), (13) 


where i=0, 1, 2. Then the osculant quartic of a point 7 on the base curve is 
obtained by polarizing equations (13) with respect tov. It is 


U,= (a7) (a,t)*. (14) 


Now on forming the conic g, of this quartic osculant we see at once that it is 
the C,, of a line section when t=¢7. Therefore: 

The locus of lines cutting out self-apolar quartics from the osculant curve 
(14) is the conic C,, formed for the given point t. 

Similarly if we form the g, of a line section of (14), it is the canonizant 
of C,,, when t=7. Hence: 

The locus of lines cutting harmonic pairs from the osculant quartic is the 
cubic curve C, , formed for the point t. 

And from these we have immediately: 

The sextic C},,—27C3,3, for any point t of 9”, gives the line equation of the 
quartic osculant at that point. 

The osculant cubic at the point ¢ is 


= (a7) (a,t)?, (15) 


and on taking the discriminant of a line section of this curve we find that: 

C7, 5=C2,2C,,6-—C1,5Cs,3, for a point t, gives the line equation of the corre- 
sponding cubic osculant. 

Polarizing (at) three times with respect to t we obtain the osculant 
conic, namely: ’ 

w;= (a,7)* (a,t)*, (16) 

and it is readily seen that: 

The Hessian C, , formed for tis the line equation of the osculant conic. 


§ 6. Other Covariant Curves. 


Taking up the curves given by the fundamental covariants of C,;, we 
shall consider first the system of conics given by the C,,. Every point ¢ of 
the base curve determines a conic, and for every line & of the plane there are 
two definite points ¢, and ¢,. Hence there are four lines associated with the 
same two points, namely, the common lines of the conics determined by ¢, and 
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t,, respectively. If we ask that the tangent at ¢, bea line of its conic, it is 
readily seen that ¢, must be a point of inflection. For let the parameter of ¢, 
be zero and the tangent be the line x,=0, then the conic for t=0 is © 


(bE) (78) —4(c&) (e&) +3 (d&)?=0, (17) 


and if x,=0 is a line of (17), then d, must be zero, whence x,=0 is a station- 
ary line, and the roots of C,,—0 coincide, showing, as we have already seen, 
that I,, its discriminant, contains the stationary lines. From a point ¢ there 
will be two lines to its conic, and the locus of these lines as 7 varies is a curve 
of class 12 given by the eliminant of C, , and C;,.* 

If p’ has an undulation, all the conics of the system touch the undulation 
tangent and this becomes a double line of the J,. Hence for three undulations 
the linear system of conics given by the C,, is the net of conics on the three 
undulation tangents and J, becomes rational. 

The six cyclic lines a are the sections of p’ for which the canonizant van- 
ishes, and it has already been shown that the C,, gives the linear system of 
cubic curves on these lines.t Now each line a has a unique apolar quadratic, 
and if ¢, and ¢, be the roots of such a quadratic, the C, , formed for ¢, and ¢,, 
respectively, will each have the given line a for a double line. 

The C, , is the Jacobian of C,, and C, ,, and for a given ¢ is a cubic curve. 
The lines from ¢ to this curve are the two lines to the C,, and the tangent at 
t. In the same way C,, is another cubic curve, being the Jacobian of C,, and 
C,,-. The tangent at ¢ is a double line of this cubic with one of the contacts 
there. The osculant conic C,, likewise has contact with p’ at that point. 

The pencil of lines through any point ¢ of 9’ cuts out a pencil of binary 
quartics, and two members of this pencil are self-apolar quartics. Now the 
C,, which gives the quartics on the stationary lines, when formed for a given 
point, has contact with p° at that point and contains the two lines through it 
cutting out self-apolar quartics. Similarly the C, , determines a quartic curve 
containing the lines to the corresponding C, , and having contact with p° at that 
point. These quartics contain the lines a. 

The quintic curve given by the C, , and formed for a point ¢ will contain the 
lines to the C,, and also the two self-apolar lines through 7; while the quintic 
given by C,, contains the lines to the C,, and the C,,, since it is the Jacobian 
of these two forms. Now the C,;, and the C;, both vanish identically when 
C,,; contains a triple root or when C,,, is a cyclic quintic. Therefore: 





* Salmon, “ Higher Algebra,” 4th ed., p. 260. 
7 Conner, Johns Hopkins University Circular, February, 1911, p. 67. 
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The coefficients of C;,, and C;., give the linear system of six independent 
quintic curves on the fifteen lines a and «. 

It is obvious that the sextic curve C,, contains the five lines to the C, , 
’ and the tangent at v, since it is formed by operating with C;,on C,,. In 
general when any covariant is thus formed from two other known covariants, 
the lines from any point 7 to the particular covariant curve it determines are 
likewise known. 

Let us now take one of the cyclic lines for a reference line, say 


%=A)t’+fy, (18) 
and form the C,, and C;, for any point +; the terms in & and &, respectively, 
in these equations do not appear, since both contain the reference line. Now 
by taking the linear polar of line (18) with reference to the C, , we obtain the 
equation of the point where the curve touches the given line.* Since there is 
no term in £3, to obtain the linear polar we need only consider the term in &, 
which is 

Aofot } (Cy +4,)E,+ (c,7 +d) EES. 
Therefore the point of contact of C,, with (18) is given by 
(¢,7+4,)&,+ (7 +d,)&=0. (19) 

In the same way the linear polar of (18) with reference to C;, is ob- 
tained. The highest term in &, being ajo} (c,7-+d,)&,+ (c,7+d,)§&{&, we see 
that the required polar is given by equation (19). Hence it follows that: 

For a gwen t the C,, and the C; , have the same contact on lines a. 

These lines then represent twelve common lines of the two curves, the 
remaining three being the lines from 7 to its C,,, as we have seen that these 
are lines of the C;,. By the same method it is readily seen that for a given 
point: 

The Cs,5, Cs,.75 C,,, and C,, have the same contact on lines a; also the 
C,, and C,, have the same contact on lines e. 


§ 7. The Invariants. 


_ Since all the invariants vanish identically when C,,, has a triple root, it 
follows that all the invariant curves contain the lines «. The quartic curve J, 
contains also lines @ and y as J, vanishes for the canonical form of the binary 
quintic cut out by any of these lines. Now the line equation of p° is given by 
the discriminant of C,,,, namely, Jj—128Iz. Therefore lines y and ¢ represent 
all the lines common to J, and 9’. 





* Dually, the linear polar of any point on a given curve is the tangent to the curve at that point. 
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The lines ¢ are double lines of the curve J,. This is easily seen by taking 
two stationary lines and the line joining the corresponding points of inflection 
for a triangle of reference. Calling the stationary lines 2,=0 and 2,=0 and 
the parameters of the points of inflection 0 and w, respectively, any line sec- 
tion will be given by 


(ag) (at) °"=apqt? +5 (b.€+5,€,) +10 (Cfo+¢,8,) 0 
"+10 (d,E, +4.) P +5 (€,F,+ Cob) t+ fobs - (20) 
On forming the J, of this we observe that the two highest powers of &, 
and & do not appear, showing that the stationary lines are double lines. Ina 
similar manner lines y are seen to be lines of J,, for if 


Ly = Apt? + 10d, t? (21) 
be a reference line, from the explicit form of J,* the highest term in &£, is 


—27aid}(f,.é,+f.€.)&, and taking the linear polar of (21) with reference to 
the curve the equation of the point of contact is 


fiéit+fb,=0. (22) 


Now taking the line equation of et we see that its contact on (21) is likewise 
given by (22). Therefore: 

The curves I, and p° have the same contact on lines y. 

The invariant J,,¢ is the discriminant of the C,, and represents a curve 
of class 12, a being four-fold lines and ¢« double lines. If we examine the re- 
lation of I,, to the lines ¢, by means of (20), we find that J,, has contact with 
p’ at its points of inflection. The nature of these contacts may be determined 
by considering the conjugate curve, which will be designated by 9°. This curve 
has its line sections apolar to the line sections of p’. In general every line 
section of p’ will determine a C,,, which has a unique apolar cubic, its canoni- 
zant, and this cubic will be represented by three points on a line of 9°. Now 
since J,, is the locus of line sections of p’ for which the canonizant has a double 
root, it follows that to every line of J,, there corresponds a line of 9°. On the 
other hand, since the point of contact of a line of 9° taken with any one of the 
three extra intersections will represent the canonizant which gives a line of I,,, 
we see that to every line of 9° there correspond three lines of J,,. Hence: 

The curve I,, is in a one-to-three correspondence with the line equation of 
the conjugate curve. 


* Salmon, “ Higher Algebra,” p. 229. 

+ Salmon, “ Higher Algebra,” p. 230. 

{The explicit form is given in Cayley, Vol. II, p.294. All the forms of (;,, are given in full in this 
volume. 
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Now when C,, has a triple root, its canonizant has the same triple root, 
and to a stationary line of p? must correspond a stationary line of J,,.. This 
curve then has points of inflection which coincide with the points of inflection 
of p’, and lines ¢ each represent six common lines of the two curves. 

I,, also contains the lines @, and it is readily seen that J, and J,, have the 
same contact on these lines. Hence the lines @ and ¢ are all the lines common 
to these two curves. 

The skew invariant IJ,, gives a curve of class 18 containing all the sets 
of lines mentioned previously except y. From the equation of this curve one 
observes that lines a are five-fold lines and 6 and ¢ are triple lines. However, 
the binary equation giving the lines from a point of inflection of p° to I,, shows 
that from this point the stationary line represents five lines to the J,,. This 
indicates that the curve has a point of inflection and an ordinary contact at 
every point of inflection of the 9°, whence all the common lines of J,, and J,, are 
given by lines a, @ and e. 

The lines a, § and e are the base lines of the pencil of quintic curves given 
by the C,,, and, for any member of the pencil, these base lines are equivalent 
to 87 common lines with the J,,. There are then three other common lines and 
it is obvious that they are given by the lines from the point t, which determines 
the C;,, to the C,,. Or, since J,, is the eliminant of C,, and C,,, we can de- 
fine this curve to be the locus of lines from a varying point f to its C, .. 


$8. The Pencil I7+AlI,. 


It has been stated that I, contains lines y and e, and since J, has e for 
double lines and has contact with p’ on y it is evident that J[+A/, forms a pen- 
cil of octavics with ¢ as double lines and having simple contact on y. These 
two sets of lines are equivalent to 64 common lines and are the base lines of 
the pencil. The base curve Jj—128/, is a member of this pencil, and of other 
members the J, and J, have been mentioned. It may be added that the lines a 
are double lines of 7,, and this curve may be defined as the locus of line sec- 
tions of p° for which the C,, and C,, are harmonic pairs. 

Another member of this pencil is of especial interest. We found that from 
a point t there are two lines whose intersections with p° are self-apolar quar- 
tics, and the locus of these two lines for a varying ¢ is the curve J{—3/,.* 
Lines 6 contain a binary cubic and its Hessian, and it is obvious that when ¢ 
is either of the Hessian points the remaining four are self-apolar, hence the 
lines 6 are double lines of J}?—3Z,. These with lines e make nineteen double 





* Salmon, “Higher Algebra,” p. 259. 
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lines of this curve; it is therefore of genus 2 and has a pencil of adjoint 
curves of class 5.* Since these lines are part of the base lines of the pencil 
C;,,, it follows that: 

The pencil of adjoint quintics of the invariant curve Ij—3I, is given by 
the covariant C,,. 

For a given ¢ the two extra lines, which are a set of the involution, are 
the two lines through ¢ containing self-apolar quartics, since if four roots of 
C,,; are self-apolar the remaining root is the covariant C,,. Hence the pairs 
of lines in the involution intersect on the base curve and are the lines by whose 
locus the 1/—3I, was defined. ; 

The following table is given to show which covariants contain any of the 
special line sections and their multiplicity. 
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§9. The Discriminant of the C, ,. 


If C,,; has a double root, this is also a double root of its C,,. Interpreted 
geometrically this means that for a given point ¢ of 9° the C,, will have con- 
tact there, and the discriminant of C,,, must be a factor of the discriminant of 
the C,,. Again, if four points of a binary quintic are self-apolar, the remain- 
ing point is a double root of the C,,. This is readily seen by making the one 
point ¢=0; then in the C,,,we have f=0, and the last two terms of the C,, 
become 

— (2det-+ e?) (6ae—15bd+10c?). (23) 
Now the second factor is the condition that the four remaining points of C, , 
be self-apolar, and hence t=0 is a double root of the C,,. We have seen that 





* Dually a curve of order m and genus 2 has a pencil of adjoint curves of order (n—3) on the 
4(m—1) (n—2)—2 double points, These have two extra intersections each, and set up an involution 
1?,, on the base curve. 


6 
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Ij—3I, gives the locus of lines whose intersections with p° contain self-apolar 
quartics, and this invariant must also be a factor of the discriminant of 


the C,,. 
The discriminant is of degree 24 in the original coefficients and is found 


from the two invariants of the C,,. These are: 


— 72 
129,=2+721,, ‘ii 
2169,=I1,(2—3781,). 


These invariants have well-known meanings, and the discriminant of which two 


factors have been found is 
92—27 931, (i—31,) (Ij—128],). (25) 


If we consider the C,,, as. given by a line of y, the C,, will have a triple 
root at the point of contact, and it is obvious that the quartic curve formed for 
that point will have a point of inflection there, the line y being a stationary 


line. 
§10. The Hermitian of the C,,. 


Some further relations in connection with the C,, are found by means 
of the Hermitian of the system of curves. In general, if we ask for the locus 
of lines which intersect a linear system of (n+1) curves of order in sets of 
n points in an involution, we find the locus to be a curve of class 


n(n+1) 
9 ? 


which I will call the Hermitian of the system of »-ics. 
If the curves all have a point in common, that point becomes a part of the 


locus, and the class of the remaining part is reduced by one. The same is true 


for every point which the system may have in common. 
Now consider the dual statement, and take for illustration a net of conics. 
The Hermitian is a curve of order 3 and, in this case, is the locus of the 
degenerate members of the net. From any point of this locus the tangents to 
the conics are in an involution.* If the conics are given symbolically by 
(a&)*, (bE)? and (c&)?, respectively, the required locus is 
jabx| | bcx| | cax| =0. (26) 


In general, for an n-fold infinity of n-ics given by 





* Salmon, “Conic Sections,” p. 360. 
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(,5)", (@,8)", «++ +5 (@nE)” 


the Hermitian is 
= 
TI |a,a,2| |a,a,0|....|a,-,a,7| =0, (27) 
and this involves the coefficients of each of the m-ics linearly. If the three 
conics have a line in common, they will be seen in an involution from any point 
of the line; and if the conics are a net on three lines, the Hermitian becomes 
the product of the three lines. 

Similarly, for a triple infinity of cubic class curves the locus of points 
from which these appear in an involution is a curve of order 6. If the cubics 
touch six lines, as, for example, the cubics on lines a given by the C,,, then 
the Hermitian is the product of those lines. If the cubics have five lines in 
common, the given curve consists of these five lines and another line, the locus 
of a point which, with the conic on the five lines, is a cubic of the system. 

In a system of 4 quartics the required locus is a curve of order10. Let 
the quartics under consideration be given by the C,, of a general line section 
of p’. This, being a system of curves on lines e, must have these nine lines as 
part of the Hermitian. The remaining part must be a line such that any point 
of it, together with the unique cubic on the nine lines, is a degenerate quartic 
of the system. The required line can be identified as follows: 

The C,,, being of degree 4 in the coefficients of p’, and in the &’s, and of 
order 4 in the ¢’s, may be represented by { A‘, &, t*{. The Hermitian is of 
order 10 and is given by 


HI |aba| |aca|.... |dex|=}A™, x}, (28) 
since it involves the coefficients of the five quartics linearly, and each of these 
is of degree 4 in the A’s. Hence equation (28) must contain the lines ¢ as a fac 
tor, and the form of the remaining factor is easily found. The p’ in point form 
is {.A, &, t°{ and in line form is } A’, a, ¢8}, while the equation giving the points 
of inflection is represented by } A’, t®}. Now the eliminant of } A’, x, ¢8} and 
}A’, tt, which is {| A”, 2°}, gives the product of the stationary lines and an 
additional factor, the cusp-invariant; for if x is a point on a stationary line, 
t will be a common root of these two forms, while if p’ has a cusp, the cusp- 
parameter will factor out for any point x of the plane. The cusp-invariant, 
then, which is of degree 24 in the A’s, must be a factor of the eliminant, the 
remaining factor being the stationary lines, or: 


{A*®, x} =} A™! 2 } Ais, x}, (29) 


The same result may be obtained by taking the discriminant of } A’, z, ¢%}, 
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which gives the equation of p° together with the product of the stationary lines. 
The discriminant is }A™, x*}, and since the equation of p’ is | A”, a}, the 
remaining factor is the same as found above. 

Since the stationary lines are a part of the Hermitian of the system of 
quartics given by the C,,, we have 

1A®, 0} =f A, a} {AY a}. (30) 

The remaining part of the locus must be a covariant line, and there is only one 
covariant line of degree 2 in the coefficients; namely, the line whose intersec- 
tion with p° is a binary quintic apolar to all line sections. Its equation is 


|abx| |aB|=|afa|—5|bex| +10|cdx| =0. (31) 


Therefore from any point of this line the system of quartics given by the 
C', , appears im an involution. 

Then there will be a set of four lines apolar to all sets of four lines in the 
involution, and any point of the line (31) with the cubic on the nine stationary 
lines is a quartic of the system given by the C, ,. 


$11. A Quartic Curve for Every Point in the Plane. 


Following is a method by which a curve of the system given by the C, , is 


associated with every point of the plane. Take any two lines & and y and 
form the C,, for the pencil +4y; this gives a quartic in A, each coefficient of 
which involves ¢ to the fourth degree. Suppose & and y cut out the two binary 
quintics (at)° and (@t)°, respectively. These quintics have a combinant quar- 
tic which we can write |abax| |a@|?(at)? (Bt)?, x being the point of intersection 
of the two lines. It is seen at once that: 

If x is a point of line (31), then each coefficient of the quartic in A 1s apolar 
to the given combinant. 

This is most easily verified by taking fora reference triangle two stationary 
lines and line (31). Then if x is a point of (31) the C,, of (at)°+A(@t)°, 
considered as a quartic in A, has each coefficient apolar to |abx| |aB|*(at)?(Bt)?. 
Now if we operate with this combinant formed for a point x of (31) on the 
C,, of the general line section (a&) (at)*, the result is a quartic in the &’s from 
which the point x factors, leaving the cubic on the stationary lines. 

The combinant above is a function of } A’, x, t*{, while the C,, of a line 
section has the form }A*, &, t!. Now the apolarity relation of these is 
| A°, &*, x}, but we have seen that this form vanishes when the line & and point 
x are incident, provided x is a point of (31). In other words { A’, &, ~{=0 
when both (%) =0 and {A*,x}=0. Hence there exists the relation 





PCs. 
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{.A®, Ef, w} =} A*, G8} (Ex) + | At, Ef fA’, wh, (32) 
and this indicates that the cubic on the stationary lines is of degree 6 in the 
coefficients; also } A‘, &*} must be the J*, since it is the only invariant of degree 
4 in the coefficients. 

The J, and the cubic } A’, &! each contain the stationary lines and hence 
have three other common lines giving rise to an invariant triangle of p°. The 
degree of this in the coefficients is caleulated by taking the eliminant of 
{A*, &*t, $A°, £1, and (ga). The result on eliminating & is }A®, x{, and on 
removing the factor which is the product of the stationary lines there remains 
the invariant triangle which is } A", 2°}. 

From the relation (32) found above there is a double infinity of quartic 
curves picked out of the system given by the C,,. Take any point x of the 
plane and form the combinant quartic of the pencil of line sections on 2. 
Then operating with this combinant on the C, ,, the result is a quartic curve on 
the stationary lines. The pencil of this quartic and the J, contains the cubic 
on the stationary lines and the point x as a degenerate member. There is then 
a quartic curve of the system given by the C,,, associated uniquely with every 
point of the plane, and the pencil of quartics formed by this curve and the J, 
will have for base lines the stationary lines, the invariant triangle mentioned 
above, and the four lines from the given point to the J,. 


§12. The Cubic Curve on the Stationary Lines of 9”. 


There are three sets of covariant points on the p’ of degree 3 in the coefli- 
cients and of orders 9, 5, and 3 in the variable.* These we shall write in 
the forms }{ A’, t°}, }.4%, }, and } A’, #{, respectively. Now the C,, has three 
fundamental forms of the third degree in the coefficients, namely, C,,, C;,;, and 
C;;, which for a line section of p° are in the forms } A’, &*, °{, } A’, &, #°}, and 
| A’, £8, #3, respectively. On writing the apolarity relation of each pair of 
quantics having the same order in the variable ¢, the result in each case gives 
a cubic curve of degree 6 in the A’s. Since the cubic on the stationary lines is 
in the form }A°, &}, we shall determine whether it belongs to the system of 
these cubic curves. 

The roots of the covariant form } A’, ¢°} equated to zero give the parame- 
ters of the nine points of inflection, the symbolical expression for this cova- 
riant being 


|abe| |a8| | By| |ya| (at)? (Bt)? (yt)?; (33) 


*See Coble, “Symmetric Binary Forms and Involutions,” AMERICAN JOURNAL OF MATHEMATICS, 
Vol. XXXII, p. 359. 
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and when the p° is given by equation (13), the developed form is 
|abe|t?+3|abd|t?+3}2\acd|+|abe| tt 
+ {8|ace|+10|bed| + | abf| {t° 
+3{2|ade|+5|bce| + |acf| }t 
+3{2|bef|+5|bde| + |adf | {t 
+ }8|bdf| +10|cde| + |aef| {# 
+3{2|cdf| +|bef| {#2+3|cef|t+ |def| =0. (34) 
The covariant of order 5, } A’, ¢°}, gives the parameters of the five points 
cut out by the covariant line |abx||a@|°; the symbolical expression is 


| abe| |aB|* |By| |ya| (at) (Bt) (y#)°, (35) 
and the expanded form 
{ |abe|—2|acd| {t°+ } |abf|—10|bed| }t*+2} |acf|—5|bce| {4 
+2} |adf|—5|bde| {+ }|aef|—10|cde| {t+ }|bef|—2|cdf|}=0. (36) 
The remaining covariant form is 


| abe] |aB|* |By|* |ya| (at) (yt)’, (37) 

of which the expanded form is found to be 
{2|abf|—5|ace| +20|bed| {+3} |acf|—5|ade|+5|bce|}#? 

—3}|adf|—5|bef|+5|bde| {t—}2|aef|—5|bdf| +20|cde|} =0. (38) 

Now take the reference triangle so that any line section C,, is given by 
equation (20) and form the C,,, C,,, and C,,, respectively, of this equation. 
Let the apolarity relation of (34) and C,, be denoted by C,, that of (36) and 
C,,, by C,, and of (38) and C,, by C;. These are the three cubic curves each 
involving the original coefficients to the sixth degree; and since 7,=0 is a sta- 
tionary line, it is only necessary to find a covariant curve which does not con- 
tain the term in £§, as such a curve will contain all the stationary lines. We 
observe then if there is a member of the system 


AC, +uC,+vC,=0 (39) 
which is free from the term in &. Obtaining C,, C,, and C,, it is easily seen 


that the required curve is a linear combination of these three curves, the 
numerical coefficients being readily determined, and hence: 


C=84C,—35C,—80C,=0 (40) 


is the cubic line curve on the stationary lines of the rational quintic. 


















The Group of Isomorphisms of an Abelian Group and Some 
of its Abelian Subgroups. 


By G. A. Mer. 





$1. Introduction. 


Let G represent any abelian group, while J represents its group of isomor- 
phisms. It is known that a necessary and sufficient condition that I be abelian 
is that G is cyclic. Moreover, the invariant operators of J are composed of 
those which transform every operator of G into the same power of itself, and 
hence the order of the central of J is @(m), m being the largest order of an 
operator contained in G.* Inthe present paper we aim to determine a few 
new properties of J, especially as regards its Sylow subgroups. This paper 
has close contact with an article by the same author entitled “Isomorphisms 
of a Group whose Order is a Power of a Prime,” Transactions of the American 
Mathematical Society, Vol. XII (1911) ; and a paper by Burnside entitled “On 
Some Properties of Groups whose Orders are Powers of Primes,” Proceedings 
of the London Mathematical Society, Vol. XI (1912). 

Let A, represent any abelian subgroup of J. All the operators of G which 
are invariant under one of the operators of A, constitute an invariant subgroup 
under each one of the operators of A,. If ¢t, and ¢, are any two operators of 
A, while s is any operator of G, there result equations of the form: 


is st,=— 3,8, ty'sty=—as, ty *sf— 84, 


where s,, S, and s} are also operators of G. Since ¢,t,=t,t,, there result the 
following equations: 


ts ty 'st,t  =ty '8,t,8,8=ty ty "stat, = 3}8,8,8. 


As tz 's,t,=sis,, we have the theorem: If any two commutative operators t, 
and t, of the group of isomorphisms of an abelian group G transform a given 





* Transactions of the American Mathematical Society, Vol. II (1901), p. 260; cf. Ranum, ibid., Vol. 
VIII (1907), p. 84. 
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operator of G into itself multiplied by s, and s, respectively, then the commu- 
tator of t, and s, is equal to the commutator of t, and s,. On the other hand | 
it is easy to see that ¢, and ¢, must be commutative whenever these commuta- 
tors are equal, so that the given condition is a sufficient as well as a necessary 
condition that ¢, and ¢, be commutative, provided s may represent any oper- 
ator of G. 

As a special case of the theorem of the preceding paragraph, it may be 
observed that every subgroup of J which is composed of operators transforming 
all the operators of G into themselves multiplied by operators which are in- 
variant under all the operators of this subgroup is necessarily abelian, but an 
abelian subgroup of 7 is not always composed of such operators. The commu- 
tators of G whose elements are composed of a particular operator ¢ of J and of 
all the operators of G, taken successively, constitute a subgroup 7 of G which 
may be associated with ¢.* In this way every operator of J may be associated 
with a particular subgroup of G. The identity of J is the only operator in J 
which corresponds to the identity of G, but the subgroups of G which corre- 
spond to other operators of J are not necessarily distinct when these operators 
are distinct. On the other hand, two operators of J are clearly distinct when- 
ever their associated, or corresponding, subgroups are distinct. 

The subgroup of G which is associated with ¢* is clearly contained in 7’ for 
every value of a. The subgroups of G which correspond to the operators of 
any cyclic subgroup of J must therefore all be contained in each of the sub- 
groups which correspond to the generators of this cyclic subgroup of J. In 
particular, J involves at least two operators which correspond to the same sub- 
group of G whenever J involves an operator whose order exceeds 2. If G@ is 
the cyclic group of order 12, it is evident that any two distinct operators of I 
correspond to two distinct subgroups of G; but if G is an abelian group which 
is not contained in this cyclic group, then the J of G cannot have the property 
that every pair of its distinct operators corresponds to a pair of distinct sub- 
groups. 

When 7 is composed of operators which are invariant under ¢, the order 
of ¢ is the same as the largest order of an operator of 7, and the subgroup of 
G which corresponds to ¢* is composed of the a-th power of the operators of 7. 
Since the group of isomorphisms of any abelian group is the direct product of 
the group of isomorphisms of its Sylow subgroups, we may confine ourselves 
to a study of the case when the order of G is a power of a prime number. 





* Bulletin of the American Mathematical Society, Vol. VI (1900), p. 337. 
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Group and Some of its Abelian Subgroups. 


§2. Order of G is p™, p being any Prime Number. 


We shall first determine the order of a Sylow subgroup of order p™ in the 
group of isomorphisms of any abelian group of order p”, p being any prime 
number. Suppose that the independent generators of G are of orders p™, p*, 
weeey p™ (a,>8,>....>A,), and that the number of the independent gener- 
ators of these orders is a, 8, ...., A respectively. Hence 


m=aa,+BB,+....+AA,. 
It will be convenient to use the following abbreviations: 


m=m,=aa,+B8B,+....+AA,, 
Ms= (a+8)8,+ vee Ad, 


m=(atB+....+A)A,. 
The orders of the groups generated by all the operators of G whose orders 
divide p™, p™, ...., p™ are evidently p™, p™, ...., p™ respectively. 

To determine the value of m’ we observe that G has a series of invariant 
subgroups of orders p, p’, ...., p™~' under the given Sylow subgroup of order 
p™ in its group of isomorphisms. If we represent this series of invariant 
subgroups as follows: 

eee 

it is clear that H, is any one of the subgroups of order p generated by an in- 
dependent generator of highest order. In fact, H,, H,, ...., H, are generated 
respectively by 1,2, ....,a such subgroups. The subgroup H,,, is generated 
by H, and the subgroup of order p generated by an arbitary independent gener- 
ator of order p®, while H,,, is the subgroup generated by the operators of 
order p in the subgroup of G generated by its independent generators of orders 
p" and p*, In general, H,, H., ...., H,,_, is a series of subgroups such that 
each is included in all those which follow it, but a characteristic subgroup of G 
is not always in this series. A subgroup in the given series which involves 
operators of order p* must succeed every subgroup in this series which does 
not involve any operators of this order. 

By means of the given notation it is easy to obtain the following formula: 

m’=m,—1+m,—2+....+m,—a+tm,—1+m,—2+....+m,—6 
+m,—1+....+m—yt+....+m—1+....+m—a 








em ED amy BED ggg, AED 
=a’a,+ (208+ 8?) B,+ weeet (2aA+28A+ dese +42), 
EE OE es. 
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This result may be expressed as follows: If an abelian group of order p™ is 

generated by a independent generators of order p”, 8 of order p®, ...., A of 

order p™ (a,>8,>....>A,), the order of a Sylow subgroup of its group of 

isomorphisms is p™, where 

m’ =a®a, + (2a8+ 87) B,+....+(2a24+280+....+A7)A, ae 
fee BB+ ie es a alleen, 


2 





Let P,,, represent this Sylow subgroup of order p™. It is clear that P,,, 
can always be represented as a transitive substitution group of degree p™~?, 
since one of the largest independent generators s of G is transformed into itself 
multiplied by each of the operators of a subgroup of order p™—! under P,,,, and 
G is generated by this subgroup and s. The regular subgroup R of P,,,, when 
P, iS represented as such a substitution group, which is formed by all the sub- 
stitutions of P,,, which are commutative with each of the independent genera- 
tors of G except s, is of especial interest. 

Let r, and r, be any two substitutions of R. Since all the operators of G 
may be written in the form ¢s*, where ¢ is an operator in the group generated 
by all the independent generators of G with the exception of s, it results that 


| tee, =t e's, 97a t's, 
where ¢, and ¢, are commutative with both r, and r,, and both a—1 and B—1 


are divisible by p. From the equations 
eh ane, ot af aero 


it results that the abelian subgroup of R generated by those substitutions for 
which a=3=1 is a maximal] abelian subgroup of R whenever G has more than 
one largest invariant. That is, it is not contained in a larger abelian subgroup 
of R whenever G contains more than one independent generator whose order 
is equal to the order of s. 

If G contains only one independent generator of highest order and if the 
quotient obtained by dividing the order of s by the order of an independent 
generator of next to the highest order is p’, then r, and r, are commutative when- 
ever a and @ are such that both a—1 and B—1 are divisible by the order of a 
generator of next to the highest order. The order of a maximal abelian sub- 
group of R in this case is therefore p” times the order of the subgroup formed 
by all the substitutions of R for which a=@=1, provided G is non-cyelic. 
This completes a proof of the following theorem: A necessary and sufficient 
condition that the subgroup R of order p™— be abelian is that G involves not 
more than one independent generator whose order exceeds p. 
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As the subgroup R is invariant under P,,,, it results that P,,, is contained 
in the holomorph of R. When & is abelian its invariants are the same as the 
invariants of G, with the exception that the largest invariant of G must be 
divided by p to obtain the corresponding invariant of R. In this case R is 
clearly a maximal abelian subgroup of P,,,,, since P,,, is always contained in the 
holomorph of R. A necessary and sufficient condition that P,,, be a Sylow sub- 
group of the holomorph of #, when £# is abelian, is that all the invariants of R 
are equal to p. Asan illustrative example we may cite the fact that the group 
of degree 8 and order 1344 is the holomorph of R when G is the abelian group 
of order 16 and of type (1,1,1,1). In this case P,,, is a Sylow subgroup of 
order 64 contained in the given group of order 1344. 

Another important invariant subgroup of P,,, is composed of all the op- 
erators of J which transform each operator of G into itself multiplied by an 
operator of its subgroup of order p which is invariant under P,,,. In the given 
representation of P,,, this subgroup must clearly have p”~* transitive constit- 
uents of degree p, and its order is p*, 6 being the number of invariants of G 
if at least one of these invariants exceeds p. If all these invariants are equal 
to p, then 6 is one less than the number of invariants of G; that is, the order 
of the given invariant subgroup is p™~! in this case. This result is a direct 
consequence of the important theorem that every abelian group has exactly as 
many subgroups of index p as it has subgroups of order p. A necessary and 
sufficient condition that the given invariant subgroup be a maximal abelian sub- 
group under P,,, is that G involves no invariant that is divisible by p* and no 
more than one that is divisible by p’. 

As a very special case of what precedes we have the theorem: A neces- 
sary and sufficient condition that a Sylow subgroup of order p™ of the group 
of isomorphisms of an abelian group of order p™, m>2, be abelian, is that this 
group of order p™ is cyclic. When no two invariants of G are equal to each 
other, the given series of invariant subgroups H,, H,, ...., H,,_, is completely 
determined by G. On the other hand, this series is not completely determined 
by G whenever G has two equal invariants. As each such series corresponds 
to a Sylow subgroup in the group of isomorphisms of G, we have the following 

theorem: A necessary and sufficient condition that the group of isomorphisms 
of an abelian group of order p™ must contain only one Sylow subgroup of 
order p™ is that this group of order p™ does not contain two equal invariants.* 

The subgroup of G which corresponds to a particular operator of P,,, has 
always an order which divides p™~'. When G is cyclic, this order is evidently- 











* AMERICAN JOURNAL OF MATHEMATICS, Vol. XXVII (1905), p. 15. 
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p™—' for some operator of P,,,. Suppose that G contains two different inva - 
riants and that the order of the larger exceeds p*. It is clear that such a G 
contains a characteristic subgroup which involves operators of order p? with- 
out involving all the operators of order p contained in G. Hence there is no 
operator in a Sylow subgroup of order p™ of the group of isomorphisms of 
such a G, which corresponds to a subgroup of order p™~1in G. In fact, such 
a correspondence implies that every two characteristic subgroups of G must 
have the property that one of them is contained in the other. 
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Self-Projective Rational Curves of the Fourth and Fifth 
Orders.” 
By R. M. WInceEr. 





$1. Introduction. 


In the study of a rational quintic, first pointed out by Cayley, through the 
consideration of special cases I was led to a curve which is invariant under a 
group of six collineations.+ The question naturally arose as to other curves 
unaltered by the group, and this was later extended to the problem of the dis- 
covery of rational curves invariant under other finite collineation groups. 
Such curves have been called self-projective. Many of these have found their 
way into the literature, but usually quite apart from or incidental to their 
connection with the groups. And while the general quartics and quintics have 
been discussed by Cianit and Snyder$ respectively, the rational case has not 
been systematically treated. Neither is this phase of the question to be ignored 
as a special case of the work cited above, for the order of imposing the conditions 
materially affects the results. 

As the variety of self-projective curves is rather large, some criterion of 
classification had to be adopted. The purpose of this paper is to present in 
canonical form all of the projectively distinct types of the most general rational 
curves of the fourth and fifth orders invariant under the different finite collinea- 
tion groups. 

Of fundamental importance in the study for rational curves is the 

Turorem. T'o every ternary collineation of the points of the curve there 
is a corresponding binary collineation of the parameter, and conversely. 

Both of these must leave the curve unaltered if it is to be self-projective. 
The groups to be considered, then, are those generated by the regular body 
groups : || 

cyclic e. 
dihedral Beas 
tetrahedral g,., 
octahedral 4g,,, 
icosahedral gy. 





* Read before the American Mathematical Society, January 2, 1913. 
+ Discussed, § 14. 

{ 1stituto Lombardo Rendiconti, Series II, Vol. XXXIII, p. 1170. 

§ AMERICAN JOURNAL OF MATHEMATICS, Vol. XXX. 

|| Klein, “Ikosaeder.” 
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It is no condition on a conic to admit any of these groups. 
Again, every member of the syzygetic pencil of rational cubics 
m+et+Agyx, x7, =0 
is invariant under a dihedral g,. 
The cubic with a cusp, 













is unchanged by the substitution 






Lo = a* Xq, 
t=at’ or ;%,=a’2,, 

ee 

c=— &. 





That is, the cuspidal cubic is invariant under a one-parameter group. 






I. Tue Rationat Quartic. 





§ 2. The Stahl Binary Sextic. 

The first case of considerable interest, then, is the rational quartic, 9°, 
which will not admit a group without restriction. 

The labor is greatly facilitated by reason of the existence of a fundamental 
sextic (binary) of which line sections are second polars and upon which the 
invariant theory of the curve depends.* 

Bolza +t has tabulated the canonical forms of the non-singular binary sextics 
with linear transformations into themselves. He exhibits the following types 
with the corresponding groups: 

















(1) #+at4tPP+1  eyelic a. 
(2) ¢(#©41) cyclic Iss 
(3) t(#+at?+1) dihedral Gas 
(4) #+a+1 dihedral a. 
(5) ¢#+1 dihedral Hess 
(6) ¢(#4+1) octahedral g,,. 


We supplement this with the singular form ¢ 


(7) #(#+1) cyclic Be, 
To obtain the parametric equations of the different classes of those self- 
projective quartics which have Stahl sextics, we need only select three linearly 





*Stahl, Journal fiir Math., Vol. CIV, p. 302. This is the unique sextic to which the fundamental 
involution is apolar, referred to hereafter as the Stahl sextic. 
+ AMERICAN JOURNAL OF MATHEMATICS, Vol. X, p. 70. 


{Other singular forms are not given, for they furnish no new types. See §8. 
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independent second polars of these sextics, written homogeneously. Usually 
the most convenient are 

ee ?? 0? 

of” 8§=6 ot, at,’ = a 


Designate henceforth by S,, the sextic that admits a group of order and 
by p;, the quartic curve derived from it. Note that we get a proper curve for 
every case except (5). 

We proceed now to the consideration of the others in greater detail. In 
particular, we shall characterize them by means of the fundamental invariants.* 
We use Professor Morley’s set, indicating Salmon’s equivalents and the geo- 
metric meaning of their vanishing, thus: 


Morley: Salmon: Condition for: 
I, —B triple point, 
ih A+12B flex conic to touch, 
I, R undulation, 
ps D cusp, 
a M self-reflexion. 


§3. The Cyclic Groups. 


Professor Morley has shown that the necessary and sufficient condition 
for a 9° to be reflected into itself, i. €., to admit a cyclic g,, is 
i, = OF 
On this supposition simply certain properties of the curve are readily in- 
ferred. Thus the center is the intersection of two double lines. The axis 
cuts out one double point, the intersection of the other double lines and the 
contacts of tangents from the center, whose parameters are the double points 
of the involution. The six points of inflexion are harmonically perspective 
from the center, accounting for the two relations that must exist on them. 
Consider next the cyclic g, 
v= al, i, 


A sextic to admit this group can contain only cube terms. It is therefore of 


the form 
MH+at-+ 8. 





* F. Morley, “Projective Geometry Notes” (1910), Chapter 6. J.E. Rowe, Trans. Amer. Math. Soc., 
Vol. XII, p. 304. Salmon, “Higher Algebra,” 4th ed., §§ 220 ff., where the system of two quartics is to be 
interpreted as the fundamental involution of the curve. 

+ Loc. cit. Instead of involutory collineation we use reflexion, the abstract projective notion of 
physical reflexion. 
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We can choose the unit point so that 8 = 1, reducing the sextic to type (4), 
and we have the theorem: A p* that is invariant under a cyclic g, admits at 
the same time a dihedral g,.* 

If the sextic is unaltered by the cyclic g, 


fy’ = at, 44 = a 
it takes the form . 
t(t#+a). 


The reference scheme may be so selected that a =1, which gives at once the 
octahedral sextic S,,. The p* derived therefrom has the same property. 
Therefore: 

If a rational quartic is invariant under a cyclic g,, it admits also the 
octrahedral g,,; im other words, has three inflexional nodes. 

Berzolarit has deduced the properties of this curve from the consideration 
of the g,, of permutations that leaves the double lines unaltered. 

Three second polars of the S; determine the quartic 


This curve is unaffected by the one-parameter group of §1.{ Hence: 

If a p* admits a cyclic g,, it admits an infinite group. 

There is an undulation at ¢=0 and at o the dual singularity, a special 
triple point whose three parameters have come together, counting for a node 
and two cusps. All of the point and line singularities are concentrated at 
these two points. 

All of the invariants vanish. § 


§4. The Metrical Aspect of Dihedral Collineation Groups. 


We shall now explain a very convenient metrical representation of dihedral 
collineation groups of any order, in which all of the conjugate points of a set 
are in general real, and examine the quartics invariant under them. We shall 
speak in metrical terms at our convenience, leaving the projective interpretation 
to be supplied if desired. 





* The theorems of this section are predicated on the supposition that the Stahl sextice exists and 
has no repeated roots. Otherwise some of them are not valid. 

7 “Sulla Lemniscata Projettiva,” Ist. Lomb. Rend., Series II, Vol. XX XVII, pp. 277 and 304. 
¢ Cf. Ciani, loc. cit., p. 1175. 
§ Cf. the case of the cuspidal cubic. 
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Using the absolute coordinates 


ve=X+1Y, 
2 =X—iY, (Xand¥Y rectangular coordinates), 


and an elliptic naming in which the parameter ¢ runs around the unit circle, 
a point on a rational curve is given by the single equation 


(1) “=f (t), 
where f is a rational algebraic function.* This carries with it the conjugate 


(2) a=f(t), 
derived by writing for each complex number, including ¢, its conjugate. If 


# and @ are interchanged when t’= : the curve is symmetrical about the base 


line, admits a g,. If in addition 
x’ = ea when t= et’, 1l<a<sn—l, 


where ¢ is a primitive n-th root of unity, the curve is invariant under a rotation 
about the origin of period n, admits a cyclic g,. The two generate a dihedral 
Jo, containing rotations, including the identity, and » reflexions.t 

_ Nowa g, means a line of symmetry, and the cyclic group carries this line 
into n distinct positions when u is odd. Hence, in that case: 

A dihedral g,, means symmetry about n equispaced lines through the origin. 

These are axes of the n reflexions, the centers being at infinity. 

n 
2 
to each other, which make up  equispaced axes of reflexion. Furthermore, 
the curve has the origin for center. 

In either case the centers lie on a line, the line at infinity, and the axes 
meet at a point, the origin, point and line being fixed elements of the group. 
When n is even there is a center on each axis. 

The elements of the cyclic g, binary and ternary are 


vw’ =e 2 
4 t = et’ {; = 
(4) " _w#=e—*a, @=r},. 2.25% 


When 1 is even there are two sets of — lines of symmetry, not conjugate 





* See a memoir by Professor Morley, Trans. Amer. Math. Soc., Vol. I, p. 97. 
+ Cf. Hilton, “ Finite Groups,” p. 53, Ex. 21 (iii). 


8 
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The products of these with the g,’s 


1 a == @, 
(5) =i, {> 
2’ = &, 


are the n involutions and reflexions respectively. 

The application of the ternary g, to a point and its image affords an easy 
geometrical construction for the general set of 2” conjugate points. Such sets 
break up into two concentric regular polygons of n vertices. If, however, a point 
is at a center or lies on an axis of reflexion, it assumes only » distinct positions. 

Among these special sets of n points on p” are the two sets whose param- 
eters are the fixed points of the involutions and which may be taken as the basis 
of determination of the conjugate sets of the binary group. In the canonical 
form employed here, the general set of 2” conjugate points of the binary group 
is given by 

(6) (t* + 1)? —a (t#*—1)?, 


and therefore factors into two sets of n. * 
Among the curves left invariant by the general diledral group is the 


system of concentric circles (double contact conics) 


(7) Le = A’, 


These will intersect p” in 2m invariant points which break up into conjugate 
sets, their parameters being conjugate sets of the binary group. 

This furnishes a method not only for a geometrical construction of conju- 
gate sets of the ternary group, but also for finding the analytic representation 


of such sets of the binary group. 


§5. The Dihedral pj. 
From the typical sextics we get immediately the equations of the dihedral 


quartic curves 

















es es 
_ dts <n 
(1) 7=R? 60 = BR 
Ot, Ot, Ot, Ot, 
We may write the quartic with a dihedral g,, 
2 =,_4 % = 
(2) Oe f 4-68 41" fies. 





* Klein, loc. cit., p. 49. 
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Since n = 2, the curve is symmetrical about each of two perpendicular 
lines and their point of intersection. A general set of four conjugate points 
therefore will form a rectangle with center at the origin. 

The three elements of this group, omitting the identity, are involutory, 
since the rotation is of period 2 and therefore a reflexion from the origin in 
the line at infinity. 

Now the parametric equations show that there is a bi-flecnode, isolated 
however, at the origin. Hence, if a p* admits a dihedral g,, it has a bi-flecnode. 
Conversely, if a p* has a bi-flecnode, it is invariant under a dihedral g,, for its 
equation can be written 


(3) Yeteer’t+ey+2feye2e=—0, 


which is unaltered by changing the sign of 2, interchanging y and 2, or changing 
the signs of y and 2 interchanged; 1. e., by a dihedral g,. 

Here, then, is an example of a rational quartic that is reflected into itself 
from a point on it. This transformation is singled out from the other two 
which are symmetrical in their effects. 

Denote the three reflexions by R,, R,, R,, their centers by a,, a,, a3, 
and the axes by a,,a,,a,; a, being the bi-flecnode and a, on the base line. 

Two of the double lines meet at a, and the other two at a,. Again, the 
other four flexes lie on three pairs of lines, one pair on each center, and the flex 
tangents meet in three pairs of points, one pair on each axis. Or we may say: 

The diagonal 3-point of the four mflerional points and the diagonal 3-line 
of the four inflexional lines constitute a single triangle, the centers and axes 
of reflexion. 

This is a fixed triangle of the group and characterizes it geometrically. 

The fundamental involution is 


(a t*— 6 ??) +A (6t?—a), 
and the invariants are 


I, = — a’, I, = — a, I, = at (a? — 36)?, 
I, = — 16a‘, 4, +, Ig = 64 a° (a® — 4), 


whence the invariant conditions on the curve are 
(4) 1673 —I, =0, I,— (1; — 361,)? = 0. 


The second of these is the condition for four collinear flexes, which we saw 
is twice satisfied. 

















Wincer: Self-Projective Rational Curves 


Since an absolute constant remains, the curve may be further specialized. 
A cusp can not occur, for that would imply too many intersections with the 
axis a,. Zhe two double points may come together, however, forming a tac- 
node at either a, or a, with a, as the nodal tangent, the condition being a? = 4, 
the Ig above. We have then a second center of reflexion lying on the curve; 
viz., at the tac-node. 

Equations (2) become 


t8 os t 
” "(ate > (2 
which give, on eliminating f, 
(6) (27+ #)*—ax2=—0. 


If a? = 36, 1, =0 and the curve acquires two undulations, given by ¢? = 1 
and lying on a, or a,, corresponding to +a. Thus the two undulations, the 
inflexional node and the intersection of the two double lines are collinear. 

The single condition a = 0 suffices for two additional bi-flecnodes, and the 
curve becomes a lemniscate. 


§6. The Dihedral 95. 


Taking for the S, 
+ 5at?+1, 


we obtain the equations of p§ in the canonical form 


at®+1 - ttat 
(1) —— se ’ += a 





Here n is odd and equal to 3, so that the curve has symmetry about three 
equispaced lines through the origin. On each of these axes of reflexion lies a 
double point, while all three centers are on a double line. 

The group is characterized geometrically as the g, that permutes the sides 
of the triangle of double points." 

All of the single conics, of which there is a multitude, attached to the 9’, 
belong to the system of concentric circles 


ve = 22, 





* Brusotti, 7st. Lomb. Rend. (II), Vol. XX XVII, p. 888, discusses a class of rational curves that 
admit this group, namely those with three hyper-osculation points, undulations for the p‘. 
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To the different values of a correspond projectively distinct p;’s. The 
line at infinity is, however, a common double line having contacts with each at 
the circular points. 


The fundamental involution is 
(44+ a) +A(at*?+4?). 


The values of the invariants and the geometrical significance of their 
vanishing are 


I, =a? —1, triple point, 
I, = — (a + 2)’, 3 bi-fleenodes, 
I,= @ (a? — 16)?, 3 undulations, 


I, = — a? (a® — 4)’, 3 cusps. 


Thus, on account of the triangular symmetry, if a condition is satisfied once, 
it is, generally speaking, satisfied three times. 


The invariant conditions on 9 are 


I, =0, 
[1,+ (41,—12) (602, + 1;) ]* — 768 Ig (12 1, + I;) = 0, 


where J is the tac-node condition. 
The equation in absolute coordinates of the curve with a triple point 
(a=1) is 
a + oF — oo? = 0. 


The sixteen intersections with the deltoid (a= 2), in terms of the parameter of 
the latter, are given by 
t? (¢® + t8 + ap 


Hence, the two curves have eight contacts at which the eighteen common lines 
are accounted for, the common double tangent counting for six. 

We note that, if a p* have three cusps or three undulations, it must admit 
a dihedral g,, since tt is then determined by a binary cubic. * 


§7. The Projective Lemniscate with a Real Dihedral g,. 


The octahedral group contains as a sub-group a dihedral g,. We include 
a brief mention of the p;, with reference to the g,, since in this scheme of 
representation the sets of eight conjugate points are in general real. 





* Cf. 8S, with three double roots, below. 
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The metrical equations, found at once from S,,, are 





Mf ge 
ae aes i 








x 





whence 





(a? + #)?— vB =0. 






The curve is symmetrical about each of two pairs of perpendicular lines 
which make up a set of four equispaced lines through the origin, which is an 
isolated node. 

The fundamental involution is 


a(t#+1) +abe?, 









a quartic and its Hessian. 
The invariant relations are 


I, =0, 9 = 0, 
1, — 129612 =0, 
Li. Ghd, 0. 





















The curve cuts the base circle at the twelfth roots of unity, exclusive of 
the fourth roots. Bearing in mind the symmetry it is readily drawn.* 


§ 8. Singular Stahl Sextics. 


The table of Bolza gives only non-singular sextics. We shall now examine 
those with multiple roots. A triple root can not occur, for the second polars 
all have a common factor, the 7? line sections reducing to a pencil, and the 
curve is degenerate. There may be, however, one, two or three double roots. 

Starting with Bolza’s types, we may impose the further conditions for one 
or more repeated factors, obtaining thus singular S,’s. But if we first insist on 
repeated roots and then ask that the sextics admit the different groups, will 
we get the same tabulation? In other words, are the processes commutative? 

Beginning with the extreme case, suppose the sextic has three double roots. 
It is then the square of a cubic and may be taken as 


(#8 + 1)% 
Hence it is a special case of S,,a=2. We saw that the three axes of reflexion 


contain each a double point of pg. In this case the other intersections of the 


axes are given by 
#+1 and #—1. 








* This is the right circular cross curve of Loria, “Spezielle Ebene Kurven,” Vol. I, p. 226. 
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Starting with (t?—1)?, we get the same curve, since the two sextics are pro- 
jectively equivalent. 

A sextic with two double roots is made up of one quadratic and the square 
of another, and may be taken as 


t (#2 +at+1)2 
Since there is always an involution leaving two quadratics unaltered, a sextic 
with two double roots admits a g,. This is a special case of S,.* If we ask 
further that the sextic admit the involution t’ = — t, the double roots must be 
interchanged and it may be reduced to the form 
t (#2 + 1)2, 

and is a special case of type (3), a= +2. In this case the double points of 
the three involutions of the g, are the two quadratic factors of the sextic and 
their Jacobian, three mutually apolar pairs. The corresponding p* 1s an 
instance of one whose Stahl sextic is cut out by a line, the axis a, or a,. 

The sextic with one double root may be written 

(tH +at+bt+ct+1). 

Now the double root 0 must be a fixed point in any transformation that leaves 
the sextic unaltered, while all the transformations that leave one point un- 
altered constitute a cyclic group that leaves a second point unaltered. Two 
cases are to be distinguished. 

Case I. The second fixed point not a root of S. Then the involution 
t’ = —¢t will interchange the four simple roots in pairs and S becomes 


t? (44+ at?+1), 
which is a special case of type (1), as is readily verified. S can not admit a 
cyclic g,, for one of the simple roots would be a fixed point contrary to 
hypothesis. The four points, however, might be permuted cyclicly by the 


transformation 
t' = it, i#=1, 


when S assumes the form 
$* (a* + 2). 
The p* corresponding to this may be written 
Gat 24=f, a= t+), 
e+ vi—ayo,x,=0. 


It has a triple point with a cusp at 0, 0. 





* Writing S,, at,°+ bt, t,+ 4, t,?+ ct, t,+ t t,'+b¢, t+ at,°, we obtain, on placing a—b=0 
t,? t? (t+ ct, t,+t,?), a form to which a sextic with two double roots may be reduced. 
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Case IT. The second fixed point a root of S. The sextic can now admit 
the cyclic g, 





’=al, Wf = i, 





which permutes cyclicly the remaining roots producing 
S,, (+1). 
The corresponding p* may be written 
H=48+1, v4, =t+4t, 21 =? 
which is a curve with three undulations, and is therefore a special case of the 
ps already noticed, § 6.* ‘ 
There are then sextics with one repeated root invariant under cyclic 


groups of orders 2, 3 and 4, only the last of which, however, determines a new 
type of curve. 









$9. Cases of Failure. 


There remains the consideration of the p* with a singularity such that the 
tangent cuts out a quartic with four equal roots, for then the fundamental 
involution has a common factor and the Stahl sextic is no longer defined. 

If p* have an undulation, say at the point 0, it can admit only a cyclic group 
of which the undulation is a fixed point. The group will have another fixed 
point, say ©. Referred to the tangents at these two points and the line 
joining them, the equations of the curve are 









Rat, 

v,=?+b0t+1, 

%=t(t#?+ct+a). 
This will admit the involution 


’’=—t, if b=c=0, 





and we have as the equations of a p} with an undulation 
=, a4=V+1, %=t(+a), 


which is a special case of 9; of $3. 
‘If the other fixed point is an inflexion, p* may admit the cyclic g,, t’ = ot. 
The equations are 
a=, a4=t, &=-f+1, 
or 
W(X + 2,)?— x x = 0. 





* It should be remarked that while the sextic admits only a g, there is no contradiction in our 
theory, for the Stahl sextic in this case is not unique (sec below). 
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The flex tangent xz, meets again at the undulation and 2, cuts out a triple 
point. Three flexes and three double lines remain. 

Again, the quartic with a tac-node-cusp at 0 may admit the cyclic g,, 
giving rise to a new type of 93, 

R=" a2a=f g= +1, 
or 
%, (% — Bj + 2X. X, Ly) — ay as = O. 
The multiple point consumes all of the singularities of the curve except three 
flexes, 
A p* with two undulations, say at 0 and o, may be written 
y=, @=1 mat (+ 2et+1), 
which admits the involution 
t’ = 1/t. 
Hence, a p* with two undulations is invariant under a g,. In this case the 
undulations are interchanged. They may be fixed points of an involution 
when the curve takes the form 
gZ= ws=1 wm=t(*#+1), 
which is invariant under a dihedral g, and is the same as that noticed, § 5. 
The p* with three undulations is Brusotti’s curve and admits a dihedral g,, 
§6, foot-note. It may be derived uniquely from the special S, 
t+ 20¢#%+1. 
‘But if we attempt to recover the sextic, we obtain the doubly infinite system 
(8+ 20#2+1) +A#(2#+5) + ut (5#+4+ 2), 
any member of which determines the same curve. 

We have thus arrived at a complete solution of the first part of our funda- 
mental problem, having found eight types of self-projective rational quartics. 
Moreover, the nature of the investigation is such that we are in a position 
to say that these eight types include as special cases all others. 

For convenience of reference they have been collected in a table at the end. 


II. Tue Ratronat Quintic. 


$10. General Considerations. 
We begin our study of the p* with a generalization of a theorem enunciated 
for the p*, $3, viz.: 
If a rational curve p” of order m 


x; = (a;t)”, += 0,1, 2, 
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is invariant under a cyclic group of order n, n>™m, it is invariant under a 
one-parameter group. 
Proof: A ternary collineation of period n can always be written in the 


canonical form 
Ui = €;2;, 


where the ¢’s are n-th roots of unity. The triangle of reference is then a fixed 
triangle of the group.“ Now each side of this triangle must cut p” in m points 
whose parameters form a conjugate set under the corresponding binary cyclic 
g,- if n>m, the only conjugate sets of m points are 


ttt, a+b=m. 


The only three sets having no common factors are 


Ty @, ti "hy, 1srsm—1. 


The equations of the curve then become 
R=, «=F, a=, 
which admits an infinite group. 
If n=™, the only conjugate sets of » points are 
it? and at?+ B73, atb=n, 


There can not be three independent sets of the latter kind. If there are two 
independent sets, they can be replaced linearly by ¢? or 7, and we have the 
one-parameter type. If there is one such set and a set ¢? or ¢7, we can obtain 
by a transformation the preceding case. The only new types then are 


ate+Btz, tte", tty, rss, 1Z}tten—1. 


If there is no set of the form at?+ 6t?, we have again the one-parameter case. 
That is, the equations of a p” invariant under a cyclic g, may be written 


(non-homogeneously) in canonical form 
Gat, 4g=f aq’ +4, 


with the above restrictions imposed on r and s. 





* Every such collineation has at least one proper fixed triangle, an homology having «'. 
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These equations are the canonical form of p” invariant under a dihedral 
Jon UF r+s=n. 

Incidentally, for varying r in the one-parameter case, we obtain the classes 
of curves invariant under an infinite group. These are the self-dual binomial 
curves, so-called parabolas of higher order, 


ui — 2" 4 = 0,7 O<crcn. 


The singularities are all concentrated at the two fixed points 0 and o. There 
are two such types of p°, r=1,2.* If r=3,4, we obtain curves metrically 
distinct but projectively equivalent. + 

Our theorem excludes for the rational quintic those cyclic g,’s and dihedral 
Jn'8,n>5. Furthermore, a group that transforms a p° into itself must leave 
the flex ninic unaltered. From a study of the characteristic invariant forms 
of the binary group — 1. e., those special sets of parameters which assume fewer 
than n values — we readily conclude that 

A 9° can not admit a dihedral g.,, n even, nor the tetrahedral, the octa- 
hedral or the icosahedral group, even though tts flex equation have multiple 
roots. 

There are left, then, only cyclic groups of orders 2, 3, 4 and 5 and dihedral 
groups of orders 6 and 10. It turns out that there are rational quintics 
belonging to all of these. 


§11. The Cyclic Groups. 


Using the fixed triangle of the group as triangle of reference, we obtain 
without difficulty the equations of the cyclic quintics in canonical form. 
Thus the 93 is 
ay = t& + at? + bt, 
v,=t*+ ct, 
% == F + I, 


The only fixed points under the involution are 0 and «. One of these is an 
inflexion — the center of the reflexion. The other lies on the axis, being the 
contact of a tangent from the center. ‘The parameters of the other contacts 
of tangents from the center and those of the extra intersections of the axis 
must be interchanged by the involution. That is, two double lines meet at the 
center and two double points lie on the axis. 





* Cf. Snyder’s G@,. and G5», loc. cit., paragraphs 5 and 6. It may be remarked that his curves 
arytt+tby+ec2=0 and aryt+b62?=—0 
are projectively equivalent. 
+ See Wieleitner, “ Algebraische Kurven,”-p. 135, Beisp. 5. 
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The equations of p3 are 


y=—t+at?, 
2,=bt+1, 
% =t*+t. 


The points of the curve are arranged in triads, but as the singularities occur 
in multiples of 3 this can happen without any striking geometrical speciali- 
zation. The line x, is the apolar line and cuts out the fixed points of the 
generating binary transformation. 

We write the 9; 


%=al>+t, 

C.F, : 

a,=t+1. 

Now the binary cyclic g, generated by 
t’ = it, it=1, 

contains as a subgroup the involution ¢t’= —t. Hence the p{ admits a reflexion | 
into itself. The line x, is seen to be a touching flex tangent, the contacts being 
the fixed points of the binary group. The line 2, is the axis of reflexion and f 


cuts out as above two double points. In addition to the special flex tangent 
two double lines meet at 0. Thus, the center of reflexion is a syzygetic point.* 

For particular values of r and s of the previous section we obtain two 
types of p° invariant under the g, generated by 


t'’=et, f= i, 
(1) a4A=t g2F g=r+1, 
or : 
0 + @ — 12,2, = 0;t ; 
(2) A=, o-% a e+ 1, 
or . 
%— a+ avi x3—2Qabia x, = 0. 


The first has a fourfold point at 0, ©, with three coincident parameters, ' 
consuming four flexes and seven double lines. The parameters are the fixed 
points of the binary group. 





* By a syzygetic point we mean a point whose lines cut out the syzygetic pencil of binary quartics 
U +H, where H is the Hessian of U. See Johns Hopkins University Circular, February, 1911, p. 101. 
Snyder’s curve, paragraph 5, is a special case of this and may be written parametrically 
%—t' +f, at, ai, 
when 0 names the undulation, the hyper-osculation point and t*+ 1 the fourfold point. 
+ Cf. Snyder, loc. cit., paragraph 5. 
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The second has a cusp of higher order at a point of inflexion which uses up 
all of the double points, four flexes and seven double lines, the parameters being 
fixed under the binary group. 

Sets of five conjugate points on either curve are cut out by the pencil of 


double contact conics 
U+AL, x, =0, 


five of the intersections being taken up at the multiple point. 


§12. The Dihedral pj's. 


We find likewise two types of quintics invariant under the dihedral g,, 
obtained by combining with the g, above the involution 


t’ == Le. 
They are 
(1) XL = t, xq, = t?, Ly = £5 + 4 
or 
x + x — 152; %, = 0;" 
(2) H=t, %Z=, w%=t+I1, 
or 


BY ane 
e+ a + 4%, XL, (3X%)x,—23) = 0. 


The first has a fourfold point with two cusps, the parameters being fixed 
_under the cyclic g,. The line z, cuts out the five flexes which are the centers 
of the five reflexions. From each inflexion run one of the five double lines and 
one simple tangent. The contacts of the latter, together with the corresponding 
flexes, make up the five pairs of fixed points of the involutions. 

In the metrical representation of §4 the curve has fivefold symmetry. 
The equations are t 

= t? 
c= 


go 4-1” 4-1 


C= 








The multiple point is isolated at the origin but the five double lines are real, 
their equations being 


5 (ein + e-'z) +4=0, i=0,....,4;8@=1. 


There are five inflexional asymptotes whose equations are 


5 (eta + e's) —1=0. 





* This is Snyder’s curve (2), paragraph 5. + Cf. Hulburt, “Calculus,” Ex. 14, p. 125. 
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We saw that sets of conjugate points were cut out by the system of con- 


centric circles 
ne = A?’, 


Among these may be mentioned the circle on 


(a) 5 flex lines, 1614, = 1, 
(b) 5 lines from flexes, 34 = i, 
(c) 5 double lines, oa = 2, 


(d) 10 contacts of double lines. 





(b) has five contacts with p°, lying on the axis and given by ¢? — 1. 

The curve cuts the base circle at the fifteenth roots of —1, exclusive of 
the fifth roots. A figure (Fig. 1) has been drawn, using the equation v= 542, 

Quintic (2) has a double point of which each branch is an undulation,* the 
nodal parameters being the fixed points of the binary cyclic g,;. The line 2, 








*This may be called a bi-wnd-node. 
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cuts out the remaining five flexes which are the centers of the five reflexions. 
From each flex run one ordinary tangent and two of the ten double lines. 
Metrically the equation of the curve is 


a 
t+ 1 
The bi-und-node, at which the five axes of reflexion meet, is isolated at the 
origin. The other five double points are real, one lying on each axis and 
together forming a special conjugate set of the ternary group and their 
parameters a general set of the binary group. That is, 

The six double points lie at the vertices and center of a regular pentagon. 
They are therefore perspective in ten ways, two ways corresponding to each 
axis of symmetry. 

There are five real inflexional asymptotes: 


5 (e'xa+e iz) +3=0. 


Among the system of invariant circles we note that on 


(a) 5 flex lines, 10,4 = 2, 
(b) 5 lines from flexes, 2a =i, 
(c) 5 double points, Asi, 


besides two each on 
(d) 5 double lines, 
(e) 10 contacts of double lines. 


(b) is the perspective conic, or we may say, the perspective conic is in- 
scribed in the five tangents from the flexes, the contacts lying on the axes of 
symmetry, given by t?—1. These contacts and the flex parameters, therefore, 
are the fixed points of the involutions. 

A figure (Fig. 2) is given. 

§13. The Dihedral 3. 
The equations of p*® invariant under the dihedral g, generated by 
t’=al, i == LE, w = 1, 
are found at once from those of p; by writing a = b: 
H=th+al, «¢=-a8+1, a4=t4+t. 


The centers of reflexion are points of inflexion and are given by #?+1, 
That is, the quadratic giving the fixed points of the binary cyclic g, is the 
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Hessian of the cubic which names the centers of reflexion, and both are cut out 
by the apolar line. Denote the cubic by C,,, the cubicovariant by C,,, and 
the Hessian by H. 

From each center run one tangent and two double lines, the contacts C, , 
of the former lying on the axes. The residual intersections of each axis, 
therefore, are made up of two double points. Hence, the double points are 
perspective. 














| 
| 
| 
| 
| 
| 
| 


Fia. 2. 


The tangents at the centers are 
3 (af'% +o ~‘x,) + (@+ 5) a =), i=), 1,2. 
The invariant conics all touch the curve at the Hessian points. Among 
them is the perspective conic 


&,=1, é, = ?’, E= he 1) t, 
(a+ 1)*&,&, —&=0; 
%=(a+1)#, w2=(a+1), 4%=21, 


or 


or 
4u,2,—(a+1)*?23=0, 


which touches again at the cubicovariant points. Hence, the perspective conic 
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is inscribed in the three tangents from the centers of reflexion and touches the 
curve at the same points. 

The group may be characterized geometrically as the one that permutes 
the sides of this triangle. 

The flex form, exclusive of ¢* + 1, is 


at®+ (a?—9a+10) #+<a, 


and names a general set of six conjugate points. Owing to the symmetry, the 
vanishing of the discriminant 


(a—1) (a—2) (a—5) (a—10) 


means three equal roots and is therefore the condition that they reduce to a 
special set of three. 

Many interesting special cases of pg arise for numerical values of a. In 
particular are those corresponding to the roots of the discriminant above. 
We note the following: 


(1) az, degenerate, 

(2) a= 2, undulations at Cus: 
(3) a= 6, cusps 7 Gen. 
(4) a=10,  hyper-osculation points “ C,,, 
(5) a=—2, syzygetic points Eg 
(6) a=-8, syzygetic points “— 


(3) is self-dual. The cuspidal tangents are the axes and therefore meet 
at a point. 

(4) is the quintic case of Brusotti’s curves. From each hyper-osculation 
point run one tangent and one of the three double lines, contacts of the former 
being #?—1. Many of the facts brought out by him in connection with the 
group apply to all quintics invariant under it. 


$14. Three Syzygetic Points. 


I shall conclude the discussion of the quintic with an account of the special 
ps which suggested this investigation. 

Cayley * proved that the locus of the foci of parabolas on three points 
is a rational quintic passing through the circular points. Now at each of these 
points three double lines meet, + 7. e., they are syzygetic points. 





* «Collected Papers,” Vol. VII, p. 568. + Loria, “ Ebene Kurven,” Vol. I, p. 239a. 
10 
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In absolute coordinates the equation can be written * 


A, 


t—a, 


a 





(1) ee 


’ 





where a; are the parameters of the three points on the unit circle and 
i= (a,—a,) (4,—a,), ip j#k. 


In this form the coefficients of (1) can be expressed in symmetric functions of 
the a’s. 

The question naturally arises as to the nature of the locus when a par- 
ticular arrangement of the three base points is selected. For example, if the 
triangle is equilateral, say —1, -—-w, —w’, so that s,=s,=0, s,=—1, 
equation (1) becomes 






















j _t—8t 
(2) e= Pare 
which is the metrical representation of the sixth type of the previous section. 
Hence, the locus of the foci of purabolas on the vertices of an equilateral 
triangle is a special pg, as is evident also from other considerations. All twelve 
double lines cut p° at points of x,, two each at the inflexions ¢*-+ 1 and three 
each at the Hessian points. 

Again, if the vertices of the triangle are —w, —w*, 1, whence s,=s,=2s,=2, 
the equations of the curve written homogeneously are 


a = t®>—2t++4t—2t, 
(3) o = i ~4e 4+ 9¢—1, 
a2 tt 2 42 —*. 


It is readily verified that there is a third syzygetic point, t=1, lying on a line 
with the other two. 
For the sake of symmetry we apply to the parameter the transformation 





T: rs [-1. ;—i- ot 
t+o t’ —w 


so that the syzygetic points are named by ¢?—1. Call this cubic Oe: the 
cubicovariant C,, and the Hessian H. Likewise transfer to a new triangle of 
reference by the substitution 


’ 





* Johns Hopkins University Circular, February, 1911, p.105. The proof is given in the manuscript 
of my dissertation, Johns Hopkins University, 1912. The parameters of the absolute points on circle and 
quintic are 0 and , while the a’s on the quintic are cut out by the line joining them. 
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( % = %—a%, + (o—1) 2, ( %=% +02, + 0a, 
X:44=—o0%+2,+ (o—1) 4, X71: 4%, =0%+2%, +0723, 
& = (o—1)4,, Gy =a a. 


Under the transformations 7 and X equations (3) reduce, on dropping 
primes,” to 


(4) %=t+22, 2=—2#-—1, 24%=t—i, 
or, eliminating ¢, 
(5) Xm, (2 +3 4%, %, + VY) + 25(225 + UH, X, + 2u})—ae=0. 


We saw, § 13, that the syzygetic points are inflexions. It is readily found 
that the tangents at the syzygetic points touch again at c, 3- hese three pairs 
of parameters, then, are the fixed parameters of the involutions. Now each such 
touching flex tangent is made up of one stationary line and two double lines. 
The tangents from the syzygetic points therefore account for the twelve double 
lines of the curve. 

The equations of the perspective conic are 


{ &, = 1, &, = #, & = 1, 


u3—44,",=0. 


(6) 


Substituting the values of the x’s from (4), the contacts are found to be 
¢(#®+1). 


Hence, the perspective conic is inscribed in and has contacts in common 
with the five tangents at the points H Ox cut out by the apolar line, the con- 
tacts being given by H c... Since each syzygetic tangent counts for four 
common lines of the two curves, these five defining tangents constitute the 
total of sixteen. 

We proceed in the next instance to a consideration of the double points. 
The coordinates of a node of (1) were found to bet 


Ig = Sg (A, + As) — a, a3 (A, — a3) — $4, ap, 
©, = a3 (4, — a3) — az (a, —a,) + 8, 
H, = $343, 





* On writing t——?t and changing the signs of x and a,, this becomes the special case (5) of 
pe above. 
+ Johns Hopkins University Circular, loc. cit. 
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whence the others can be derived by permutations of the a’s. For this case 
they become, substituting the particular values of the a’s, 

1—@’, w” — a, 

a? — a, 1—o’, 


Under the transformation X these reduce to 
(1, 1, @), (1, 0,1), (a, } me or 
(1, 1, @?), (1, 0’, 1), (w*, 1,1). 


, 


Denote the first row by d,, d,, ds; and the second by d;, d3, d3. 
These two triangles of double points, together with 


(1, 0,0), (0,1, 0), (0, 0,1); 
(1, 1, 4), (1, a, «”), (1, ’, @), 


have the canonical form of four triangles, any two of which are in sixfold 


perspection, the centers of perspection being the other two. Hence, the six 
double points form two fully perspective triangles. In other words, they define 
a Hessian configuration in the plane, namely, that associated with a syzygetic 
pencil of cubic curves.* This just accounts for the four relations that must 


exist among them. 
The little table exhibits in rows and columns the six centers of perspection, 


together with the lines passing through them. 





dd, |  dedi| did, | 0,0,1 





d,d,| 4,4 did, | 0,1,0 





4G| 441 &&1 1,04 





1,1,1 |] l,o,o | 1,0’,0 




















The residual intersections of the fifteen lines joining the double points are 
given by H® Fis —_ Hence, two of the centers are on the curve, viz., at the 


Hessian points. 








* Three of the base points of the pencil of cubics are the syzygetic points of the quintic. 
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Since the curve admits three reflexions, the other six inflexions must lie 
in harmonic pairs on three lines from each of the syzygetic points. That is, 
they are in triple harmonic perspection, which just accounts for the four con- 
ditions on them. 

Thus, from each syzygetic point run, besides the touching flex tangent, two 
double lines and two lines carrying each two double points, and three lines 
carrying each two flexes. 





Fie. 3. 


The metrical equation of the curve, reflected in the origin, is 


t*— 2¢t 
+1 
The syzygetic line is now the line at infinity, and there are three real inflexional 
asymptotes (the tangents at the syzygetic points which touch again) and two 
ordinary ones (the circular rays, imaginary of course). The perspective conic 
becomes a circle of radius 1/2, touching p® where the real asymptotes touch. 
In other words, the triangle of asymptotes is inscribed in the unit circle and 
circumscribed about the perspective. 
The intersections with the base circle are at the ninth roots of —1, 
exclusive of the cube roots. The curve is now readily drawn and a figure 
is shown above (Fig. 3). 
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$15. Summary. 


To summarize, we have found, according to our criterion, ten types of self- 
projective rational quintics, belonging to cyclic groups of orders 2, 3, 4,5 (two 
types) and dihedral groups of orders 6 and 10 (two types), besides two with 
infinite groups. 

The parametric equations in canonical form of these as well as of the 
quartics are shown in the following table: 


Self-projective Rational Quartics. 





Xy X, 





cyclic t* + at?, t® + bt. 
cyclic t', #41 
cyclic r, 4+ 1. 
cyclic t, t#+1. 
dihedral r, 14+ ai? +1. 
dihedral at? + 1, *, 
octahedral t, t#+ 1. 

t*, i. 














Self-projective Rational Quintics. 





cyclic t® + at® + bt, t* + ct?, 
cyclic t° + at, bt + 1, 
cyclic at® + f, £8, 
cyclic ; t, #, 
cyclic t?, t, 
dihedral t> + at?, at? + 1, 
dihedral t, e, 
dihedral t, t*, 
| t®, t*, 
t5, £8, 























Iterated Limits in General Analysis. 


By Raupex E. Root. 





Introduction. 


In a former note* we have briefly indicated a method for the investigation 
of iterated limits of functions on an abstract range. It is the purpose of the 
present paper to give a more comprehensive account of the method there pro- 
posed. The paper has its origin in the thought that in most of the definitions 
of limit that are employed in current mathematics a notion analogous to that 
of “neighborhood” or “vicinity” of an element is fundamental. In the domain 
of general analysist various ways of determining a neighborhood of an element 
have been employed, notably the notion of voisinage used by M. Fréchet,t and 
the relations K, and K, used by KE. H. Moore, either as undefined or as defined 
in terms of a “development” of the class of elements constituting the funda- 
mental domain. $ 

A definite class of elements being assumed, the notion of “neighborhood” 
of an element is essentially that of a subclass having a special relation to the 
element. In taking this relation as undefined and at the basis of our system 
of postulates we occupy a position intermediate, as regards generality, between 
the extreme position of those who take the notion of “limit” itself as undefined, || 
and that of those who define “limit” by means of other relations which give rise 
to notions analogous to that of “neighborhood.” The character and form of 
the postulates adopted are determined largely by two fundamental require- 





* Bull. Am. Math. Soc., Vol. XVII (July, 1911), p. 538. 

¢ The term “general analysis” is here used in a technical sense to indicate mathematical analysis 
pertaining to a class of elements whose character is not specified. 

t+ “Sur quelques points du calcul fonctionnel,” Rendiconti del Circolo Matematico di Palermo, 
Vol. XXII. 

§ E. H. Moore, “Introduction to a Form of General Analysis,” pp. 125 and 138. 

|| For example, Fréchet in the first chapter of the paper referred to above, and F. Riesz in his paper 
before the International Congress of Mathematicians at Rome, 1908 (“Stetigkeitsbegriff und abstracte 
Mengenlehre,” Atti, Vol. II, pp. 18-24). 











80 Root: Iterated Limits in General Analysis. 


ments;* first, to provide for an adequate treatment of ideal limiting elements, 
and second, to insure the persistence of the specified conditions under compo- 
sition of ranges. 

In Chapter I, we consider a class }3 of elements and an undefined relation R 
between subclasses of }, the system (¥%; &) being subjected to a set of postu- 
lates that permit the definition of ideal elements in such fashion that the system, 
when once extended by the adjunction of ideal elements, is closed to further 
extension in this manner. It is shown also that from two or more systems 
a composite system may be derived, and that the composite system satisfies 
the postulates if and only if the postulates are satisfied by every component 
system. 

A somewhat less restrictive body of postulates, considered in Chapter II, 
pertain to a system (%; U; 7), }¥ being a class of elements, U a class of ideal 
elements, and 7 a relation between subclasses of }$ and individual elements of 
¥ or ll. A subclass 0 of $ having the relation 7 to an element p of ¥% or to 
an ideal element u of Ul may be thought of as a generalized neighborhvod of 
poru. The postulates of Chapter I, with the definition of ideal elements for 
the system ($3; #), lead to a system satisfying the postulates of Chapter II. 
We obtain for our system a generalization of a portion of the theory of point- 
sets by establishing relations between our postulates and the more general 
conditions involved in the notion of “limit” as used by Fréchet, and those 
involved in the “ Verdichtungstelle” of F. Riesz. 


In the third chapter a system (PR; 1; 7’) is supposed to satisfy the postu- 
lates of Chapter II, and functions uw defined on the range }3, a subclass of Y, are 
studied relative to limits and continuity. The treatment is not intended to be 
exhaustive, the theorems developed being such as are suggested by familiar 
theorems on multiple sequences and functions of real variables. Interesting 
features of the general theory associate themselves with the presence of ideal 
elements in the system, and with the study of a property of functions which 
has much the same force as uniform continuity, but which we have called 
extensible continuity. 

The fourth chapter is given to applications of the general theory through 
direct specialization of the system and particular determination of other arbi- 
trary features. Special systems (}%; U; 7’) are specified, by consideration of 





* E. R. Hedrick (7ransactions, Vol. XII (1911), p. 289) obtains by his “inclosable ” property of the 
fundamental domain essentially a generalization of the notion “neighborhood,” but his assumptions are 
made from a different point of view and, involving a certain uniformity, are more restrictive than the 


postulates of the present paper. 
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which the theorems of Chapter III pertain to: The theory of multiple sequences ; 
functions of real variables; functions on a range for which there is defined a 
relation of the type of either of the relations K, and K, used by Professor 
Moore; functions on a range subject to the voisinage used by Fréchet; and 
functions on a range whose elements are real-valued functions on an arbitrary 
range. In some cases the system (}; Ul; 7’) is reached by the mediation of a 
system (3; R), and in some cases directly. In the applications, under certain 
restrictions on the class $$, the property extensible continuity is found to be 
equivalent to uniform continuity in each case where the latter is defined. 

We find it advantageous to draw largely upon the notation and terminology 
used by Professor Moore in his work on General Analysis. Convenience and 
economy of notation are conserved by the adoption of letters for elements, 
classes, etc., whose connotation renders frequent explanatory remarks un- 
necessary. Classes of elements are denoted by ¥, 9, It, ete., while their elements 
are denoted by p, q, r, etc., respectively. Classes of classes are, in general, 
denoted by u, v, w, ete.; properties and relations by P, Q, R, etc., or simply by 
the numerals attached to their definitions. Superscripts denote, in general, 
defining properties or conditions, the character of the superscript as well as of 
the base symbol serving to determine the nature of the limitation. Thus, 
H*® states that NR is a subclass of }%, p* that p is an element of HR, ¥? that ¥ 
has the property P, ete. The symbol] D is a sign of implication, to be used 
in the statement of a proposition. That which precedes the sign of implication 
is hypothesis or given data, and that which follows is conclusion or a true 
statement concerning the given data. Thus, if A and B are propositions, 
A.D.B is read “A implies B” or “if A then B,”’ and if x represents 
a number in a certain interval and F a definite function on the interval, the 
proposition “for every two numbers 2, and a, of the interval F'(2,) —F'(x,) <k” 
may be written, 7,.7,.D.f'(x,)-—F'(a,) <k. The reversed symbol C denotes 
“is implied by” and ~/ is the symbol of logical equivalence, “implies and is 
implied by.” In a complex statement the symbols D, C and — carry punctu- 
ation marks, ., :, .:, ete., the primary implication of the proposition being 
indicated by the greater number of dots. The mark g is read “there exists,” 
and the mark 3? may be read “such that” or “where” as the sense of the 
proposition demands. 

The independent use of the symbolical statement of propositions is confined 
largely to the proofs of theorems, where it is most useful in conserving pre- 
cision and brevity, and where the technical symbols may be least objectionable 
to the general reader. ' 
11 
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CHAPTER I. 
Tue System (%; R): Extension anp Composition oF SYSTEMS. 


§1. Introductory: The System (¥; R). 


In this chapter we consider a system (%; #) consisting of a class ¥ of 
elements p and a relation R on ordered pairs of subclasses of $$. While the 
relation R is of the definite type indicated, it is not further specifically defined. 
We specify a system (3; R) by specifying the class } and the relation R, i. e., 
a criterion which determines for every two subclasses Jt, and Nt, of 8 whether 
or not 3, has the relation R to ,. 

For example, take for % the class of all points of an ordinary Euclidean 
plane. Consider a circle as the class of all points within and on its circum- 
ference, then we may specify a relation R in terms of geometry as follows: 
Every circle whose radius is different from zero has the relation R to the point 
at its center considered as singular subclass, and every two concentric circles 
whose radii are different from zero have the relation R to each other. In no 
other case does the relation # hold. 

In this example we have a definite system (%; R). The pertinence of the 
relation R as specified to the study of limits of functions defined for a set of 
points in the plane is obvious. A study of the current theory of real-valued 
functions, in particular in connection with questions of continuity and iterated 
limits, leads to a determination of bodies of postulates on systems (%; R) which 
serve to validate a theory of continuous functions and multiple and iterated 
limits associated with such systems (}; 2) in general. 

Subclasses of $ are, in general, denoted by Ji, and the notation Ft, RH, 
indicates that #t, has the relation R to R,, while 3, RR, indicates that Jt, does 
not have the relation R to 3t,. In case it is desired to imply that a subclass 
consists of a single element, we may for simplicity, and for our purposes without 
confusion, use the notation for single elements. Thus WR p indicates that the 
class # has the relation R tv the singular subclass whose element is p. The 
letter v denotes a class of subclasses Ji of $, and, for a given element p, v, is 
the class of all subclasses Jt having the relation R to p, 1. e., 


v, = [all #2 RK p). 


Thus, in the example above, v, is the family of concentric circles whose common 
center is at the point p, excluding the point circle of the family. 
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§ 2. The Postulates and Certain Fundamental Definitions. 


Preliminary to the statement of postulates for a system ($$; R), we note 
that a class v of subclasses Jt of may have one or more of the following 
properties: 

1. Every member 3t of the class v contains at least one element p. 

2. The relation R holds between every two classes Ji, and #, that are 
members of v. 


3. There exists a sequence }3i,} of members of the class v such that for 
every 3 of v there is a number vy such that for n>n, the class R, is con- 
tained in Jt. 


4. For every # of v there exists an #t, of v such that for every p in h, 
there is a subclass Jt, of Jt having the relation R to the singular class p. 

5. If v, is a class containing v and having properties 1, 2, 3 and 4, 
then v = 2. 

6. If v, is a class having properties 1, 2,3, 4 and 5, and not containing v, 
then there exists a member Ji, of v, and a member J, of v such that R, and R, 
have no common elements. 


7. For every element p of $ there is an # of v which does not contain p. 

These definitions may be more concisely stated in symbols as follows: 

1. ®.=. we": 

2. BY .2.2.R,BR,. 

3. BR} e[(me. >. Re). (RSs mgsau>my. dD. K®)). 

4. Rig: BARee* .D. BRAs2eR Ro. 

5. o_o *. =o = 2. 

6.° vy?*45 oy ™® 5.9 (RP. RN) 2a -apeap™.p™. 

7. p.De gmap *. 

These properties, 1-7, may be called propositional properties.+ It is not 
here asserted that any of the defining propositions are true with respect to any 
class v, but it is clear that the question whether or not a given one of these 


propositions is true with respect to a given class v is a question of the presence 
or absence of a definite property for the class. 


The desired postulates might now be stated in the following form: 





* The minus sign here signifies negation. Thus ~3 is read “there does not exist,” and p—® indicates 
that p is not an element of the subclass R. wv: indicates that v is not a subclass of v,. 
+ See E. H. Moore, loc. cit., p. 20. 
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(A) For every element p the class v, has properties 1-6, i. e., 


51.2.3.4.5.6 
p e pres @ Up . 


(B) For every element p it is true that every & of v, contains p, while 
if p, is distinct from p there is an K of v, not containing p,. In symbols: 


pra: (ikp.d.p").(pFp.D-gvneaKRRp.p,”). 


But for convenience of reference, as well as to provide for discussion of 
the independence of the conditions on the system, we separate these assump- 
tions into simpler components, which we state explicitly in the following seven 
postulates: 

eT ee ee 
Il RRp.BRe aR, A4G,. 
Hl. pip. g ik je[(2.D> RHRp).(RRpiD? FA mg2n> ny. 3- RP) ). 
IV. RRp3D:gh,2 (KH, Ro. (p?.D. BRP eR, Rp,)]. 
V.-. ot (RR p 2.) te =-4,. 
VI of og” ip ee. BP) ee ee «ee - 

VIL p#Fp.D.-4RreRRp. p,*. 

Postulates I and VII are together equivalent to the statement (B). A 
corollary of postulate I is that for every p the class v, has property 1, while 
postulates II-VI state that for every p the class v, has the respective properties 
2-6. 

The following examples are pertinent to the question of consistency and 
independence of the postulates. Example 0 is an instance of a system satis- 
fying the seven postulates, and the remaining examples each violate one postu- 
late and satisfy all the others, the examples being numbered in the order of 
the postulates violated. 

Ex. 0. The class } is the class of all complex numbers. The notation Ji,,, 
where d is a positive real number and p is an element of }3, stands for the sub- 
class of ¥ consisting of all elements p, of $ such that |p, —p|<d, that is, 


It, = [all p, 2 |p, — p| Sd]. 


The relation R is specified as follows: For every p and every d the relation 
t,, Rp holds, and for every p and every d, and d, the relation Ki, RR,,, holds. 


The relation holds in no other case. 
Ex.1. The system (¥%; R) is specified as in example 0, except that St,, 


does not contain the element p, hence 
Ry, = [all p, # p 3| p,— P| Sd). 
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Ex. 2. The class $ is the class of all complex numbers, and the notation 
jt, has the same significance as in example 0. For every p and for every d 
the relation Jt,,Rp holds, but in no other case does the relation R hold. 

In this example postulates V and VI are satisfied vacuously, i. e., their 
hypotheses are incapable of fulfilment, there being no class v which has prop- 
erties 2 and 3. 


Ex.3. The class ¥ is the class of all points of a given Euclidean plane. 
The designation “line” is used to indicate a subclass Jt constituting the class 
of all points of a line. Every “line” has the relation R to every one of its 
points, and every two intersecting “lines” have the relation R to each other. 
In no other case does the relation R# hold. 

Here “intersecting” is interpreted as “having a point in common,” so that 
a “line” has the relation R to itself. Postulates V and VI are again satisfied 
vacuously. 

Ex. 4. The system ($$; 8) is as specified in example 0, except that in the 
particular case p=0 the classes R,, consist only of real elements p,, 2. ¢., 


Rao = [all real p,2|p,| Sd]. 


Ex.5. Again, the class $ is the class of all complex numbers, and the 
notation Jt,, has the same significance as in example 0. The relation R is as 
specified in example 0 except that for the particular element p,=0 the relation 
Jt,,, 12, holds only in case d is less than or equal to unity. 


* 


Ex. 6. The class $ consists of two elements, p, and p,.* The cases in 


which the relation R holds are listed as follows: 


p,Rp,, p,Rp,, BRE. 


Exz.7. Again, ¥ is a class consisting of two elements, p, and p,. . Follow- 
ing is the list of cases in which the relation R holds: 


RRp,, PRp,, BRB. 


In this instance postulate VI is satisfied vacuously, since any class v that 
has properties 1-5 possesses the single member };, and is therefore coincident 
with both v,, and v,,. 











* It should be remembered that elements do not enter in the relation R. The notation for elements 
is substituted for class notation as a matter of convenience. The class vp, consists of one member, the 
class R having the single element p,, and has no member in common with that class v whose only member 


is f. 
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§ 3. EHatension of the System by the Adjunction of Ideal Elements 


Making use of properties 1-7 defined in § 2, properties that may be 
possessed by a class v of subclasses R of %, we proceed to the definition of 
ideal elements for the system ($; R). 

Def. 1. An ideal element of the system (}%; R) is a class v of subclasses 
Rt of $$ having properties 1-7. 

The letter u invariably stands for an ideal element. 

TxHeoreM I. If v is aclass having properties 1-6, then v is an ideal ele- 
ment u, or there is an element p such that v = v,. 

Proof: If v has property 7, it is a uw by definition; if it has not property 
7, then there is an element p common to all classes Jt of v. Since v, has 
properties 1-6, we clearly have v=v,. 

Let U denote the class of all ideal elements of the system (33; R), and let 
Q be a class consisting of the elements of }, together with all ideal elements, 
1.€, 2=YP+U. We denote elements of O, in general, by g, subclasses of & 
by ©, and classes of subclasses by w. A certain technical form of corre- 
spondence between classes is of frequent occurrence, and it is therefore con- 
venient to adopt a special symbol, ||, to be read corresponds to, which we define 
as follows: 

Def. 2. G|i # indicates that S consists of the elements of Jt together with 
every ideal element uw such that there is a subclass Ji, of Jt which belongs to 
the class* u. In symbols: 


S||R2—=3:S=R-+4 [all u2 WRP2 Ky). 


Def. 3. w\||v indicates that w consists of all classes S for which there 
exist classes Jt in v such that G|| It. In symbols: 


w\llvi;=sw= [all 63 9 R32 S|| KR). 


It is obvious that for every Ji there is a unique © such that G|| #, and 
that for two distinct classes Ji, and Jt, the corresponding classes ©, and ©, are 
distinct. It follows that for every v there is a unique w, and that for two 
distinct classes v, and v, the corresponding w, and w, are distinct. 

Let S be a relation of the same type as R defined as follows: 

Def.4. The relation €,S S, holds if and only if one of the following 


conditions is fulfilled: 





* No confusion need arise from the fact that the letter wu denotes at the same time an element of QO 
and a class of subclasses of O, as well as of J. It was this double réle that led to the adoption of small 
letters as notation for classes of subclasses in general. 
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(a) 3(R,.R,) eR RR. S, || R,. S|] R,. 
(b) QB (KR. u) 2H .S,||RK. (Q*@.5.q=4u). 


In condition (b) the ideal element u considered as a class of subclasses 
contains Jit, and considered as an element of OQ constitutes the singular sub- 
class ©,. 

We now have a definite system ({; 8), which we shall call the extended 
system derived from (%;R). We investigate the character of this extended 
system with respect to the seven postulates. The properties 1-7 defined for 
a class v are defined also for a class w, if in the notation we replace v by w, 
p by q, h by S and R by S, and with similar changes of notation we have the 
seven postulates stated for the system (Q; 8). 

TuHeEorEM II. The seven postulates are satisfied by the extended system 
(Q; 8). 

In proving this theorem it it convenient to establish first the following 
lemma: 

Lemma. The necessary and sufficient condition that a class w shall have 
properties 1-4 or 1-5 or 1-6 is that there shall exist a class v having the 
corresponding properties such that w || v. 

In considering the necessity of the condition we have available in each case 
the fact that w has property 2. This is sufficient to secure the existence of a v 
such that w|jv. It is sufficient, then, to assume a definite w corresponding to 
a definite v and prove the following propositions: 


(a) wh?d4 ay, yl2s4 (b)  vl?34 ay, wh tde 
(c)  wh?d45 a, 5, (d)  vl?545 ay, wy, 
(e)  wh?8-45.6 | ay, oo (£)  t28-45.6 | ay | ay 8 


(a): Since w has property 1, every S of w contains a q, that is, either 
aporawu. Every it of v has a corresponding © in w, hence it contains either 
this element p or an Jt, of this class u. Therefore v has property 1. That v 
has property 2 is evident from definition 4, and from property 3 of w there is 
a sequence {S,{ such that the sequence {3i,}, where G, || Jt,, is effective in 
establishing property 3 for v. Since w has property 4, we have 


(1) S35: Cr2q?. 5.9 SF 26,8q, 
and we wish to prove 


(2) Wa: gW2p*.D.97 2K, Rp. 
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Given an }i of v, take S such that S|| #, then GY and (1) applies. Take h, 
so that G, || }t,, then 3? and every p of ¥, is in S,. For every p of X,, then, 
there is a subclass S, of © such that S,Sp, and there is an ¥, such that 
G,||R,, then clearly Rf and R,Rp. Thus v has property 4. 

(b): The proof is obvious for properties 1, 2 and 3. As to property 4, 
we have condition (2) above and wish to prove (1). Given an © of w, there 
is a corresponding Jt in v, so that (2) applies to provide an ji, fulfilling the 
conclusion of (2). Take ©, to correspond to #t,, then Gy and every p in S, 
is in }t, and an S, corresponding to an Xt, furnished by (2) meets the require- 
ments of (1). Further, every u in €, possesses a member Ji, which is a sub- 
class of }i,, and since Ji, is necessarily a subclass of 3}t, we see that the class G, 
corresponding to Ji, is a subclass of S; and clearly ©,Su, therefore w has 
property 4. 

Propositions (¢c) and (d) are easily verified by the use of (a) and (b). 


(e): From property 6 of w we have 
(3) wet? ~wo 6. (Sl. SP) 8-Aq ag. g®, 
and we wish to prove 
(4) vr" U6 Do (SY. I) 2-2 p™. p™. 


If v, has properties 1-5 and does not contain v, then there is a w, such that 
w, || v, which does not contain w and which, by (b) and (d), has properties 1-5. 
Proposition (3) is now applicable, and the ©, and ©, thus available have corre- 
sponding classes Ji, and #t, which obviously fulfil the conclusion of (4). 

The proof of (f) is similar to that of (e). 

The proof of the theorem is now easily completed. In analogy with 
previous notation, we denote by w, the class of all classes GS such that GS 4q, 
and we observe that for every p we have w,||v,, while for every u we have 
w,||u. Since every v, and every u have properties 1-6, it follows from the 
lemma that the class w, has properties 1-6. Postulate I being obviously ful- 
filled, it remains to consider postulate VII. We wish to show that 


LFE®-D-WS? (SS8q,.q7%). 


If both g, and qg, are elements of }3, postulate VII on the system (%; R) 
assures us of a class Jt such that the corresponding class © is effective. If 
either g, or g, is a u, then, since by property 7 of u and postulate I the class u 
is not contained in any class v,, the corresponding class w, is not contained in 
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any class w,, and therefore property 6 of w, is effective, the desired conclusion 
being an immediate consequence. 

It is desirable now to show that the extended system (Q; 8) is closed to 
this process of extension; that is, if we repeat the process of extension the 
second extended system coincides with the first. We may state the required 
theorem in the form: 

THeoreM III. WNo ideal elements arise in the extended system (Q; 8). 

Proof: Suppose a class w to have properties 1-6, then there is a class v 
having properties 1-6 such that w||v. By theorem I v isa uw ora v,, and in 
either case w is a w, and therefore does not have property 7. 

Following is an instance of a system which illustrates effectively the ope- 
ration of the foregoing definition of extension: 

Example. The class $ is the class of all rational numbers. If p, and p, 
are two distinct rational numbers, then, if p, is less than p,, the class #, ,, is 
the class of all rational numbers on the interval p,p,. That is, 


R,. = [all p 3 P,P SP). 
The relation #, , RH, . holds if and only if the intervals p,p, and p,p, have 


P1 pe Ps Ps 

a common sub-interval, i. ¢., if p,<p, and p;<p.; and the relation Ui, ,, Rp 
holds if and only if p,< p< p,. Inno other case does the relation R hold. 

It is not difficult to see that the system (}; #) here specified satisfies the 
seven postulates. We proceed, therefore, to investigate the matter of ideal 
elements. Consider a class v having properties 1-6. By a little attention to 
the requirements of properties 3 and 4 we see that there exists a sequence }9i,,} 
of members of v such that for every n the class it, is of the form t,,;,, where 
the sequence {p,} is an increasing monotonic sequence of distinct elements 
and the sequence \p,} is a decreasing monotonic sequence of distinct elements; 
and, further, such that every member Jt of v contains a member %, of the 
sequence. In view of property 5, then, the two sequences | p,{ and {p,{ have 
a common limit. If this limit is a rational number p, then v coincides with v,, 
while if the limit is an irrational number a, then v consists of all classes Ut, |; 
such that p,<a<p,. In the latter case v has property 7 and is an ideal 
element of the system (%; R). Since it is obvious that for every irrational 
number a the class v consisting of all classes Ji,,,, such that p,<a< p, has 
properties 1-7, we see that the ideal elements u of the system ($; #) are in 
reciprocal one-to-one correspondence with the irrational numbers in such fashion 


that, if w corresponds to a, then 


u= [all Ut, 32, <a< p,). 
12 
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We may therefore consider our definition of ideal elements, in this instance, 
as a definition of irrational numbers. 

The extended system (Q;) is seen to be as follows: Q is the class of all 
real numbers; two intervals with rational limits that have a common interior 
element have the relation S to each other, and every interval with rational 
limits has the relation S to every one of its interior elements (considered as 
singular class), but in no other case does the relation S hold. 


§ 4. Composition of Systems.” 

Two classes of elements, %’ and $”, determine a “product” or composite 
class, 3 = ¥’ 3%”, consisting of all elements p of the form p = (p’,p”), where 
p’ and p” belong to the classes 8’ and %” respectively. It should be borne in 
mind that these bi-partite elements, p = (p’,p”), which we shall denote simply 
by p’p”, are not in any sense products of the elements p’ and p”, but rather 
that p is a notation for the pair p’p”. From Ji’ and ji”, subclasses of 8’ and 
%” respectively, we have Ji=— Ji’ Nt”, a subclass of ¥ consisting of all elements p 
of the form p= p’p”, where p’ and p” belong to Ht’ and Rh” respectively. 
Similarly, if v’ is a class of subclasses N’ of }’, and v” is a class of subclasses 
KX” of $B”, we have the composite class v=v'v”, the class of all R= HR", 
where Wi’ and Ji” belong to the respective classes v’ and v”. 

If R’ and k” are relations of the type discussed in $1, defined for 3’ and 
3%” respectively, then from the two systems (}’; R’) and (%”; R”) we derive 
what we shall call the composite of these two systems, the system (}; 2), 
where } = }’$” and R is a relation of the same type as R’ and R” defined 


as follows: 

Def.4. For a system (3; R), composite of (}’; #’) and ($”; R”), the 
relation Jt, RR, holds if and only if there exist classes }t,, My, J, and Ny such 
that RH, = RR’ and R,=AR,RY, and such that the relations It R’ HR, and 
RY R” Ky hold. ; 

It may be observed that the effectiveness of the foregoing definition is 
independent of the conditions imposed upon the component systems. It is 
convenient throughout the present section to regard the systems involved as 
unconditioned, except as conditions are specified in the hypotheses of the 
several theorems. 

Tueorem IV. The seven postulates are satisfied by the system (%; R), 
composite of (%’; R’) and (%"; R”), tf and only if they are satisfied by both 
component systems. 





* Compare T. H, Hildebrandt, AMERICAN JOURNAL OF MATHEMATICS, Vol. XXXIV (1912), p. 250. 
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We consider first the following lemma: 
Lemma I, If v=v'v", then the following propositions hold: 


(a) y 12.8.4 . ~~ . yp’ 1.2.3.4 - vy” iia (b) yy! 1.2.3.4 i vy" 1.2.3.4 P > " gate. 
(c) yy 1-2-8.4.5 ’ > " py’ ‘ yp” . (d) yy! 1-2-4.4.5 2 yp” 1.2.3.4.5 R ~ i v®, 
(e) gy 1:2.3.4.5.6 4 5 y'§ ? yp" “ (f) gy! 1-2.3.4.5.6 i yp" 1.2.3.4.5.6 3 ~ " v§, 


(a) and (b) are sufficiently obvious if only we remember the significance 
of the relation v = v’v”. 

(c): Suppose a class v; to contain v’ and to have properties 14. The 
composite class v, = vv” then contains v and, by (a) and (b), has properties 
1-4; by property 5 of v then v,=v, and therefore vi; =v’. In similar manner 
it may be shown that v” has property 5. 

(d): Suppose v, to contain v and to have properties 1-4, and consider 


the two classes v; and v; defined as follows: 


v, = [all Way (R” .R*) eR— RNR"), 
v, = (all R’ 23a (WH .R*) R= WH KR’). 


It is not difficult to see that these classes have properties 1-4, and also that v; 
contains v’ and v; contains v”; then by property 5 of v’ and v”, we have 
v, =v’ and v; =v”, and consequently v, =v. 

(e): Suppose v; has properties 1-5 and v’ ”:, then if v, = viv” we have 
vi?3-45 and v ™; hence by property 6 of v, 


3 (Re. RZ) 2-Qp2p™., p™, 


The classes Jit, and R, are of the forms #,=R,R/ and RK, = RR, where 
yt, and J; are members of v; and v’ respectively, and Jt)’ and Ji are members 
of v”. By properties 1 and 3 of v”, Ji and RY have common elements, there- 
fore J, and RH, can have no elements in common, and consequently v’ has 
property 6. In like manner it may be shown that v” has property 6. 

(f): Suppose v[??*? and v ™; take v; and v;’ defined as in the proof of 
(d) above, then as before they have properties 1-4, and by (b) the composite 
class v, = v;v; has these four properties. Since »v, clearly contains v,, and 2, 
has property 5, we have v,=v,; hence by (c) v; and v/ have property 5. 
Since v is not contained in v,, either v’ is not contained in v{, or v” is not 
contained in v;; suppose the former, then since v’ has property 6, we have 


BF. He") ap’ sp. pm. 


Take 2; and #, so that Ry is a member of v;’ and Ry is a member of v”, and 











92 Root: Iterated Limits in General Analysts. 


take R, = HH’ and KR, = RL RZ; then R, and R, are members of v, and », 
respectively, and clearly they can have no common elements. Thus we show 
that v has property 6. 

We record here for future reference certain results reached incidentally 
in the foregoing proofs: 

Lemma II. (a) If v has properties 14 and 


v= [all W327 (R” ‘ jt”) 2H a 9 2"), 


then v’ has properties 1+. 

(b) If v has properties 1-5, then there exist classes v' and v" such that 
v= 7 oO". 

Taking up now the proof of the theorem, we assume that the composite 
system (}; R) satisfies the seven postulates and show* that as a consequence 
both component systems satisfy them. For a given p’ there exist elements p 
and p” such that p= p’p” and v,= v,,v,,, and since every Kt of v, contains p, 
clearly every Ji’ of v;, contains p’, so that postulate I is satisfied by (¥’; R’). 
It follows also from lemma I that postulates II-VI are satisfied by this system. 
If pi, + p,, then taking p,= pip” and p, = p,p”, where p” is any element of 
$”, we have p,+— p,; hence there is an R not containing p, such that KR p,. 
But such an # is of the form R= NR’ R”, where WH’ R’ p;, and KR” KR” p” ; and since 
p, is in &, we see that p; is in W’ and p” is in Rt”. Clearly then, p, is not in h’, 
so that the system (}’; R’) satisfies postulate VII. In like manner the system 
(%”; R”) is shown to satisfy the seven postulates. 

The remainder of the theorem, 2. e., that if the postulates are satisfied by 
both component systems then they are satisfied by the composite system, is 
sufficiently evident without detailed discussion. 

From the system (%; R), composite of the two systems (’; #’) and 
($”; R”), we may derive an extended system (Q; 8) by the process defined 
in §3; or we may take first the extended systems (&’; 8S’) and (Q”; 8”) and 
form their composite system, which we denote by Q; 8). It is desirable to 
compare the two systems (&; S) and (9; 8) thus derived. Let it be assumed 
that the systems (3$’; R’) and (¥%”; R”) satisfy the seven postulates; then the 
systems (Q;S) and (Q; S) also satisfy them. The class & consists of all 


elements of the four forms 


(1) G@=p'p", (2) g=wu", (38) G=p'u", (4) G=w'p’. 





* It is necessary to exclude the trivial case in which the class $ has no elements. 
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Now all elements p = p’p” belong to % and are therefore in Q; also, since all 
classes u’ and uw” have properties 1-7, every class u = wu’ wu” has properties 1-7 
and is an ideal element of (%; R) and consequently appears in O. Further, 
it is clear that a class v of the form v,u” or wu’ v;. has properties 1-7 and is 
therefore an element of QO. 

Conversely, every element of © is either a p or a u; every p is of the form 
p=p'p” and therefore is in Q; every u is a class having properties 1-7, 
hence, by lemma II above, is of the form u=v’v”; and by lemma I above 
v' and v” have properties 1-6; therefore by theorem I v’ is a v;, or a u, and 
v" is av, or au”, so that every u of © is of the form w’ u” or v,,u” or wu’ vpn. 

We arrive, then, at the following theorem: 

THEorEM V. If from two systems, (}’; R’) and (%"; KR"), which satisfy 
the seven postulates we derive (Q;8) by composition then extension, and 
(Q; 8) by extension then composition, the two systems (Q; 8) and (Q; 8) are 
related as follows: 

(a) The elements q of Q are in reciprocal one-to-one correspondence 
with the elements q of QD in such manner that, if q corresponds to q, then 
q=p'p” and q=p’' p", or q is of the form u=w' u”, where G=w' u", or of the 
form u=v,u", where ¢ = p'u”, or of the form u=w' v;.., where | =w' p". 

(b) If under the correspondence of (a) q corresponds to q, then the 
classes © such that GS q are in reciprocal one-to-one correspondence with the 
classes S such that S8q in such manner that, if © corresponds to S, then 
under the correspondence of (a) the elements of S correspond to elements of 
G, and those elements of S which do not correspond to elements of & are of the 
form p'u” or u_p”. 

For a given g a class S such that SSG must be of the form € = G’G", 
and if G’ contains an element p’ for which there is no subclass ®’ of S’ such 
that Ji’ R’ p’, it is obvious that for every uw” in S” the element p’wu” is in S, 
while the corresponding element v,,u” is not in the class © that corresponds 
to S under the correspondence of (b).* 





* An important fact to be noted here is that it is with respect to the relations S and 8 that this 
discrepancy appears. Our purpose in defining a relation S and an extended system (OQ; 8) is to show 
more completely than would otherwise be possible the operation of our definition of ideal elements. We 
make no further use of relations S, but treat ideal elements u as associated with systems ($; R). A con- 
siderable simplification is introduced in Chapter II. It is sufficient for our purpose that if UW’ is the class 
of ideal elements arising in (}’; R’) and UW” is the class of ideal elements arising in ($”; R”), then the 
class ll of ideal elements arising in the composite system ($$; R) may be regarded as identical with the 
sum of the composite classes 11’ 1”, U’ 8B” and y’U”. And this is seen to be permissible, in the sense that 
U consists of all classes u of the form wu’ u” or uv’ vp” or v’p wu”. ? 
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Consider a set of r systems, (}'; R'), (¥?; R?),...., (%"; RB’). From the 
first two we may construct the composite system ($%?; R'?), and from this 
system and (}*; R*®) we obtain the composite system ($**?; R28), Con- 
tinuing in this way we arrive at what may be called the iterated composite 
system ($¥----"; RY"), From the definition of the composite of two given 
systems it is at once evident that this iterated composite system is as follows: 
BL" is the class of all elements of the form p=p'p’.... p’, where 
p', p’,...., and p” belong to the respective classes }', $?,...., %". That is, 
Preevoer— PPR? PB. If Rp” and Ry" are subclasses of P»-:’, then 
the relation Jive’ Res" Ry" holds if and only if there exist classes 

1 om, ...., 8% and 9, %,.....% eee that BR" = TA ....% and 
Ry” = HY H.... HY and the relations Rj R'R,, RRR, ...., RR RZ are 
all fulfilled. 

It is clear that any other iterated composite system derived from this same 
set of r systems taken in different order can differ from the one considered in 
notation only. It will be observed, also, that if we form the composites of 
groups of systems into which this set of r systems may be divided, and then 
take the composite of these composites, we arrive at a composite system differ- 
ing only in notation from the iterated composite system first considered. Thus 
we see that, aside from possible differences of notation, there is a unique com- 
posite system of any finite number of systems of the type (}; R). 


An obvious generalization of theorem IV is: 


THeoremM VI. The composite system of a finite number of systems satisfies 
the seven postulates if and only if every component system satisfies them. 


As a partial generalization of theorem V we have: 


TueorEM VII. If (%; Rf) ts the composite of the systems (}'; R'), 
($2; R?), ...., (B"; RB’), then all elements of the form q=q'q@°....@q', where 
at least one q‘ is an ideal element of the corresponding system, and the remainder 
are elements of the corresponding classes }3', may be regarded as ideal elements 
of the system (%; R), in the sense that the class u= vj Vie... Vir (in which, 
if qi is au’, vi. is understood to be identical with the class u‘) has the properties 
1-7. And every ideal element of the composite system is a composite class of 
the type indicated. 
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CHAPTER IL. 
PROPERTIES OF A SYSTEM FOR WHICH IpEAL ELEMENTS ARE DEFINED. 


§5. Postulates for a System (¥%;U; 7), an Instance of which is Associated 
with Every System (}; R). 

We have seen in Chapter I that the postulates I-VII on the system ($; R) 
permit of an effective definition of ideal elements for the system, and that the 
postulates persist under the process of composition, this process being suitably 
defined. A body of postulates more simple in form and more general in appli- 
cation, yet adequate for a development of a theory of multiple and iterated 
limits, may be stated for a system for which a definition of ideal elements is 
assumed to exist independently. Special instances of systems may arise, 
where ideal elements may be defined in terms of special features of the system 
in such manner that the enlarged system shall possess all the properties that 
are essential for the application of our general theory of functions, but where 
it may be very difficult or impossible to treat the system as a special instance 
of a system (%; R) satisfying our postulates.* For this reason, as well as for 
the sake of simplicity, we specify here the conditions on which we rely for the 
development of the following theory. 

The system consists of a class } of elements p, a class U of ideal elements u, 
and a relation 7' between subclasses Jt of $$ and elements of the class Q=$+01. 
The notation for this system is (%; U; 7’), but the symbol 7 is largely sup- 
pressed in practice. That a given subclass # has the relation 7 to a given 
element qg is indicated by Ji’, while 3% indicates that the relation 7 does not 
hold between Jt and q. <A relation 7 is said to be defined for the classes $ 
and ll when a criterion exists determining for every Jt and every g whether 
2 or HK 4. 

Following are the postulates: + 





* Instances of this sort are found in the systems ($; K,) of §17 and ($$; V) of §18. 
+ We discriminate notationally between the present postulates and those of §2 by the use of 
parentheses with the numerals. The postulates may be read as follows: 
(I) If R has the relation 7' to p, then p is an element of ft. 
(Il) Every ® having the relation 7 to an ideal element wu contains at least one element p. 
(I1I) For every q there exists a sequence {tn} of classes having the relation 7 to q such that 
for every ® having the relation 7 to qg there exists a number ng such that for n>ng 
Rn is a subclass of KR. 
(VI) For every ® having the relation 7 to an element q there exists another class Rt, having the 
relation 7’ to q such that for every p in ft, there is a subclass Rt, of R having the relation 
T to p. : 
(V) If g, is distinct from q, there exist classes 9, and R, having the relation 7 to q, and g, 
respectively such that there is no element common to &, and ,. 
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(I) ®.>.9". 

(I) #.5.92%. 

(III) g253. {Rf al(n.d. RY). (R8Ds2 Oman > nmy.>D. RF)]. 

(IV) Ria: yA Rie (p™.D. RY 2 Ri). 

(V) GQ#a-D. 9 (RP. Re) 2-Qpep™. p™. 

A system (%; 11; 7) may be derived from a system (}; R) as follows: 
Let $ and U of the system (¥%; U; T) be respectively the class ¥ of the system 
(%; R) and the class of ideal elements arising in (%; A); and let a subclass R 
have the relation 7 to an element p if and only if #Rp, and let R have the 
relation 7 to an ideal element u if and only if 3 is a member of the class u 
which constitutes the ideal element of the system (}; &). 

It may easily be seen that if the system (}; 2) satisfies the seven postu- 
lates of §2 the resulting system (}; l1; 7) satisfies the five postulates stated 
above. By the mediation of the foregoing definition of 7 in terms of R, either 
example 0 of § 2, or the example of $3, may serve to establish the consistency 
of the present postulates; and in this same way examples 1, 3, 4 and 7 of $2 
serve as instances of systems satisfying respectively all but (I), all but (IIT), 
all but (IV) and all but (V). To complete the proof of the independence of 
the five postulates we have only to show a system failing to satisfy (II) but 
satisfying the remaining four postulates. Such a system is the following: 
¥ is the class of positive integers, and U consists of a single ideal element w. 
The relation R? holds if and only if 3 contains only the single element p, 
while Ji" holds if and only if Rt is the null class. 

From two systems, (}’; ll’; 7’) and ($”; UU”; 7”), we derive a composite 
system (%; Ul; 7), where $ = ¥’ $” and U consists of all elements of the form 
uu” oru'p” orp’u”, i.e, V= WW’ + WP" + PU’, so that if O = YP’ + W 
and 9” = $” + U” and QO=$+U, then O is the product or composite class 
Q’OQ”",. The relation #* holds if and only if there exist classes #’ and KR", 
subclasses of }’ and $$” respectively, such that R= HR", and RN" and K"%", 
where q=q'q". Obviously, this definition of the composite system is consistent 
with the definition employed in $4 and the above definition of 7 in terms of R. 

Analogous to theorem IV of Chapter I is the following theorem, the proof 
of which should cause no difficulty : 

TueoreM [. The composite system ($; 1; T) of two systems (P'; W; T’) 
and (¥"; 1"; 1’) satisfies the postulates (I)-(V) if and only if both com- 
ponent systems satisfy them. 
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As in § 4, the definition of the composite of two systems leads to a unique 
composite system for any finite number of systems of the type considered. 
We clearly have here a theorem analogous to theorem VI of Chapter I. 


§6. Limiting Elements: Postulates of F. Riesz. 


The notion of limiting element of a subclass is of primary importance for 
the purpose in hand. From the point of view of the present investigation, it 
is sufficient to define limiting elements only for subclasses* Kt of ¥. 

Def.1. An element q is a limiting element of the subclass RK, of ¥ if 
every # such that R4 contains an element of Ji, distinct from gq, 1. e., if 


H.D.QvpFqsp™.p". 


If q isa p, it is an actual limiting element, and if a u, it is an ideal limiting 
element; and if q is an element of Ji,, it is a proper limiting element of &,, 
and if not an element of Ji,, it is an improper limiting element of U,. 
Evidently, a proper limiting element is always actual, and an ideal limiting 
element is always improper, but a limiting element may be for the same Wi, 
both actual and improper. 

In his papert on “Stetigkeitsbegriff und abstracte Mengenlehre” before 
the International Congress of Mathematicians at Rome, 1908, F. Riesz proposed 
a set of postulates on which to build, for an abstract class, a generalization of 
the theory of point-sets. He first assumes an abstract system which we may 
denote by (3; C), where } is a class of elements p, and C isa relation between 
subclasses Jt of $ and individual elements p, in the sense that p is a limiting 
element or element of condensation (Verdichtungstelle) of the class #. It is 
of interest here to note that if the abstract class of Riesz be identified with our 
class %, and if the relation C be assumed to hold if and only if the element p 
is a limiting element of Ji by definition 1, then the resulting system is found 
to satisfy the postulates of Riesz. We establish this fact by proving the 
following theorem, the four propositions of the theorem being somewhat more 
general than the four conditions necessary to secure the postulates. 

THeorEM II. (a) Every limiting element of # is a limiting element of 
every class R, containing R. 





* To define limiting elements for a general subclass of © it would be necessary to resort to a situ- 
ation analogous to that of §3; but since the extended system (Q; 8) is of the same character as ($; R), 
we should thus revert essentially to the situation found in the special case when the class Ul of the system 
(%; 1; 7) contains no elements. This special case furnishes a close analogue to the usual method of 
procedure in the matter of limits. 

} Atti, etc., pp. 18-24. 


13 
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(b) Jf R=HR,+H,, then every limiting element of Kis a limiting element 
either of KR, or of K,. 

(c) Only infinite classes have limiting elements. 

(d) Each limiting element of KX is uniquely determined by the totality of 
all subclasses of K of which tt is a limiting element. 

Proof: Proposition (a) is immediately evident from definition 1. 

(b): Let q be a limiting element of R=R,+H,. We are to show that 
q is a limiting element of R, or of HR, . By postulate (III) we have 







(1) 3 [Rt e[(e. sp RE). (M3 Dt Bg? e > mye D-H) I; 


then by definition’ 1 we see that 


(2) MeD-5P,2D, I Dee De. 
A sequence }p,{ thus secured satisfies the condition 
(3) Rss Bmy?nu>my.D. py. 


Since either 2, or R, must contain an infinite subsequence of {p,}, we may 
suppose that Kt, contains the sequence ‘p,,,{, Where, if m, m,, then n,, = 1,,,. 
For a given 3 only a finite number of terms of the sequence }p, } can precede 
the term pny, in the sequence }{p,}; hence by (3) we have 


H.D. gmp, 


and since by (2) every p,, is distinct from q, we see that q is a limiting 
element of R,. 

(c): Let q be a limiting element of Kt. If possible, let R consist of a 
finite set of elements, p,, p,,....,p,- By postulate (V) we see that for 
every element p, distinct from q there exists a class Vi; not containing p, such 
that #7. By an application of postulate (IIT) we secure a class Vi such that 2%, 
which is a common subclass of all the classes }i;. This class ¥ clearly contains 
no element of 3 distinct from q; hence we reach a contradiction. 

(d): We are to show that if q, and q, are distinct limiting elements of R, 
then there is a subclass of # that has one of these as limiting element but not 
the other. By postulate (V) 


3 (KR? . Re) 2 -Bpap™.p™. 


Denote by HR, the greatest common subclass of 3 and Jt,; then it is clear that q, 
is not a limiting element of R,. For a given i such that J” there exists by 
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postulate (III) a common subclass Ji, of # and K, such that RK’. Since gq, is a 
limiting element of 8, Ji, must contain an element p of R, distinct from q,, 
and this element p is obviously in #,. Thus every # such that R* contains 
an element of I, distinct from q,; that is, q, is a limiting element of R,. 

The four postulates of F. Riesz are equivalent to the four propositions of 
this theorem if we restrict limiting elements q to actual limiting elements p, 
and if in (b) #, and #, have no common elements. 

For the purpose of introducing ideal elements into the abstract class ¥, 
Riesz considers a system which we may denote by ($; V), where V is a relation 
between subclasses Jt of } of the same type as our relation R. He postulates 
for the system (3; V) four properties as follows: 

(1) If 3, and #, have the relation V, and #, contains hi, and Rt, contains 
yt,, then #, and R, have the relation V. 

(2) If #, and &, have the relation V, and i, is divided into two classes, 
then at least one of these has the relation V to H,. 

(3) Two singular subclasses can not have the relation V. 

(4) If #, and #, both have the relation V to a given singular class p, 
then they have the relation V to each other. 

A definition of C in terms of V is given by Riesz, by which the relation C 
holds for a class 3} and an element p if and only if the class Ji and the singular 
class whose element is p have the relation V. A system ($; C) thus obtained 
from a system (3; V’) which satisfies the first three conditions above has the 
first three properties postulated for the system ($; C). 

From a system ($; 11; 7’) we obtain a system (};V) as follows: The 
class % of the system ($$; V) is identical with the class $ of the system 
(%;U; 7). The relation V holds between two subclasses of } if and only if 
the two have a common limiting element (actual or ideal) or one subclass con- 
tains a limiting element of the other.* 

It is easily seen that if. the system (}; 11; 7) satisfies the five postulates 
of §5, then the resulting system ($; V) fulfils the four conditions prescribed 
by Riesz. In fact, the propositions (a), (b) and (c) of theorem II contain 
sufficient conditions on the system (}; ll; 7’) to secure this result. 

Riesz defines an ideal element as a class v of subclasses Ji which satisfies 
the following conditions: 

(a) If # belongs to v and Ji, contains R, then #, belongs to v. 





* Compare Riesz, loc. cit., p. 23. 
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(b) If ® belongs to v and consists of two subclasses, #, and #,, then 
either Ji, or Ki, belongs to v. 

(c) Every two classes Jt, and #, of v have the relation V. 

(d) The class v is not contained in any different class v, having 
properties (a), (b) and (c). 

(e) No element p is contained in every ti of v or has the relation V to 
every Jt of v. 

A special case of theorem II, (d), is the proposition: Every ideal element 
is uniquely determined by the totality of all subclasses of $ of which it is a 
limiting element. It is not difficult to see that such a totality of classes for a 
given wu constitutes a class v fulfilling the five conditions just given. In fact, 
condition (a) follows from proposition (a) of theorem II, condition (b) from 
(b) of theorem II, condition (c) from the definition of V in terms of 7’, and 
conditions (d) and (e) from (d) of theorem IJ. Thus every element of the 
class Ul of the system (%; U1; 7’) corresponds uniquely to an ideal element of 
the system (%; V). 

It may be observed that by the mediation of the definition of a system 
($8; U; 7) in terms of a system (¥%; #) there is associated with every system 
(8; R) a definite system ($; V), and that if the former satisfies the seven 
postulates of §2, the latter must fulfil the conditions stated by Riesz. It is 
clear, also, that every ideal element arising in the system (3; #) by our defini- 
tion corresponds uniquely to an ideal element arising in the associated system 
(%8;V) by the definition given by Riesz. 


§ 7. The Fréchet Limit: Properties of Classes. 


In his thesis, “Sur quelques points du calcul fonctionnel,” Paris, 1906, 
M. Fréchet* makes use of an undefined relation between sequences of elements 
and individual elements. By imposing certain conditions on this relation he is 
able to develop a theory, analogous to the theory of point-sets and of continuous 
functions, in which an element that has, the undefined relation to a sequence 
plays the role of limit of the sequence. It is of advantage here to show that 
the notion of limit of a sequence of elements as defined below satisfies the con- 
ditions stated by Fréchet. 

Def. 2. The sequence }|p,} has the limit g if and only if for every i such 
that KR there is a term of the sequence such that all following terms are in the 
class #. In symbols: t+ 








* Rendiconti del Circolo Matematico di Palermo, Vol. XXII. 


+ The notation lim pn=q is here replaced by the more convenient but equally suggestive notation 
n=o 
Lnp=q. Note that a sequence may have an ideal element as limit. 
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Lp,= i =% ([p,}- gd)? (RID i Augen > ny.D. pr). 


The conditions stated by Fréchet for the definition of the limit relation 
between sequence and element are implied by the following theorem: 

Tueorem III. (a) A sequence formed by repeating a single element has 
that element for limit. 

(b) A sequence can not have two distinct limits. 

(c) If a sequence }p,} has a limit q, then every subsequence }p 
that n,, becomes infinite with m has the limit q. 

Proof: Proposition (a) is an immediate consequence of postulate (I). 


such 


nm 


(b): Suppose a sequence }p,} to have two distinct limits, g, and q,. By 
postulate (V) we have 


3 (RP. He) eB pa p™. p™ 
But by the supposition | 
Ny, 20> Ny, -D-pe and Any,2n > Ny, .D~ pe. 
By considering p, such that n is greater than both ny, and ny,, we reach a 


contradiction. : 


(c): By hypothesis we have 
HRS Ds A MyIn> Ny~D- Dr; 


and since ,, becomes infinite with m there is for every my; a number mg such 
that if m is greater than mg, then n,, is greater than ny; thus 


R13 DsyWmg2m > my.D. pr, 


which is the required condition. 


The three propositions of the theorem are equivalent to the properties of 
the Fréchet limit, except that he uses instead of (c) a less restrictive condition, 
obtained by adding to the hypothesis of (c) the restriction that the elements of 
the subsequence are taken in the same order as in the original sequence. In 
the proof just given we made use only of postulates (I) and (V), so that these 
two conditions on a system (}; ll; 7’) are sufficient for the development of a 
theory at least as extensive as that pertaining to the class (L) of Fréchet.* 





* Fréchet denotes by (L) what we should represent by ($; 1), where L is a relation between 
sequences of elements of $ and individual elements of $. Observe that the limit relation which we have 
defined differs in type from that of Fréchet to the extent that we include ideal limiting elements. One 
sees, however, that the presence of ideal elements does not interfere with the application to the present 
situation of the theorems proved by Fréchet on the basis of his limit relation and without the aid of his 
écart or his voisinage. 
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TurorEeM IV. A necessary and sufficient condition that q shall be a limiting 
element of KR is that there exist a sequence }p,} of distinct elements of KR such 
that Lp, = q. 

It is necessary: By postulate (III) we have 


‘HRipal(n.s. Rf). (N35: 4m2n>ng.D- me) 1, 
and, q being a limiting element of Jt, we have by definition 1, 


Ne De A Pn F13 Dn" + Dre 


The sequence }p,;} thus secured is such that Lp, = gq, and since the elements 
of the sequence constitute a class having the limiting element g, we see by 
theorem II, (c), that the number of distinct elements of the sequence is not finite. 
There exists, then, an infinite subsequence }p,,} of distinct terms such that »,, 
becomes infinite with m, and which, by theorem III, (c), has the limit gq. 

It is sufficient: This proposition is a direct result of proposition (a) of 
theorem IT. 

Theorem IV shows that our definition of limiting element of a subclass is 
consistent with the definition employed by Fréchet. It may be noticed that in 
establishing these relations with the work of Fréchet, and the relations to the 
work of Riesz discussed in the previous section, no use has been made of 
postulate (IV); it is clear, therefore, that while we have sacrificed much in 
the matter of generality, we gain somewhat in the extent of the theory avail- 
able for our system. We consider here certain properties of subclasses that 
are found useful in the next chapter. 

Def. 3. The derived class of a subclass # is the class of all limiting 
elements of Ji. 

Def. 4. A subclass is closed if it contains its derived class. 

Def. 5. <A subclass R is compact* if every infinite subclass of Ji has at 
least one limiting element. 

The propositions of the following theorem, which are given by Fréchet, 
are seen to be valid here, his proof of (d) being entirely applicable to the 
present situation, and the first three propositions being obvious deductions 
from the definition of compactness. ) 





* See Fréchet, loc. cit., p. 6. Here, again, attention must be called to the fact that we recognize 


ideal limiting elements. 
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TurorEM V, (a) Every subclass of a compact class is compact. 

(b) If every subclass of RX is compact, then KR is compact. 

(c) A class formed of a finite number of compact classes is compact. 

(d) If every member of a sequence \X,} of subclasses of a compact class KR 
is closed, contains the succeeding member, and contains at least one element, 
then there is an element common to all classes of the sequence. 

A proposition somewhat different in content from this last, but permitting 
of a very similar proof, is stated by Riesz,* and may be stated here as follows: 

TuHeorem VI. If every member of a sequence \X,} of infinite subclasses 
of a compact class R contains the succeeding member, then the members of the 
sequence possess at least one common limiting element. 

An important proposition in the theory of point-sets and in the analogous 
theories ¢ in the domain of general analysis is the following: “The derived 
class of every subclass is closed.” The following theorem, in the prooft of 
which we find the first use for postulate (IV), reduces to this proposition in 
case no ideal elements exist, 7. e., in case ll is the null class. 

Turorem VII. If &, is the class of all actual limiting elements of KR, then 
every limiting element of R, is a limiting element of R. 

Proof: By postulate (IV) we have for a given limiting element gq of i,, 


(1) Risa: BqARrep”. py. BAe. 


Now such a class Kt, must contain an element p of R, distinct from g. Then 
there is a subclass Ji, of HW such that N2, and p being a limiting element of HK, 





* Loc. cit., p. 20. 

+ E. R. Hedrick, “On Properties of a Domain for which Any Derived Set is Closed,” Transactions 
of the American Mathematical Society, Vol. XII (1911), p. 289. 

{ Fréchet shows (loc. cit., p. 15) that this proposition does not follow from the hypotheses he has 
made on the class (L). He secures this theorem only after the introduction of the notion of voisinage. 
The following example shows that the theorem is not a consequence of postulates (I), (II), (III) and (V), 
which, as we have shown, are together as strong as the postulates on the class (.) combined with the 
postulates of Riesz. We specify a system ($$; U; 7') as follows: $$ consists of an element p, a sequence 
{ pn} of elements, and a double sequence { pmn}{ of elements. Two elements having different notations 
are distinct. U is the null class. The relation Rt? holds if and only if ¥ consists of the element p 
together with all, excepting a finite number, of the elements of the sequence {pn}. For a given n, the 
relation Pn holds if and only if R consists of the element pn together with all, excepting a finite number, 
of the elements of the simple sequence { pmn}. For a given m and n, RPmn holds if and only if R con- 
sists of the single element pmn. This system satisfies postulates (I), (II), (III) and (V). For a given n 
the element pn is the limit of the sequence {pmn}; and the sequence {pn} has the limit p. The 
subclass R consisting of the elements of the double sequence { pmn } has for its derived class the class R,, 
which consists of the elements of the sequence {pn}. The only limiting element of R, is p, which is not 
in R,. Thus the derived class Rt, is not closed. 
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there is by theorem IV a sequence of distinct elements of Kt in yt,, and there- 
fore in #. Clearly then we have 


R.5.gp#qap".p’; 
that is, q is a limiting element of KR. 


The proofs of the following propositions relative to a composite system 
should cause no difficulty. 

Tueorem VIII. Jf (%$;U; 7) is the composite system of the systems 
(Ss 2"), Ce). 6 APT, we GE ROS .... 3%, ot 
q=¢¢@....¢, the following propositions hold: 

(a) If, for every n, p,=prp.....p,, then Lp,=@q if and only if for 
¢=1,2, .....97 wehore bola a. 

(b) The element q is a limiting element of KR if and only if every q 
(t=1,2,....,7) is contained in R* or is a limiting element of KR‘, and at 
least one of the q‘ is a limiting element of the corresponding KR’. 

(c) &# is closed tf and only if every Nis closed (t=1,2,...., 71). 


(d) %# is compact if and only if every KR‘ is compact (1=1,2,...., 1r). 


(To be concluded in the April number.) 











Iterated Limits in General Analysis. — Continued. 
By Raupeu E. Roor. 


CHAPTER III. 
A THerory oF Functions Basep on Properties oF A System (}; Ul; 7). 


§ 8. Introductory. 


In this chapter we are concerned with a definite system (¥; Ul; 7’), which 
is assumed to satisfy the five postulates of $5. In § 10 and § 12, in order 
to provide for the features of iterated limits, special hypotheses are made with 
regard to the composite character of the system. Subclasses of % are, in 
general, denoted by 3; but a definite one of these subclasses, denoted by ¥, 
receives special consideration, being the range of the independent variable in 
our theory of functions. The derived class of $ is denoted by &, and QO is the 
least common superclass of $ and %. The letters p, q and / denote elements of 
the respective classes }, © and &, while a general element of ¥ is written p, and 
qd is an element of the class QO=P+4+ 1. 

Functions are denoted by the letters 0, 9, u, ete. The notion of function, 
in general, involves two classes, one called the range and the other the class 
to which the function-values belong. If X and Y) are two classes of elements, 
then a function 6 on X to Y) is a correspondence between elements of X and 
subclasses of Y), whereby to every element x of X there corresponds uniquely 
a subclass 6, of Y). If, for every x, 6, consists of a single element y of Y), then 
6 is a single-valued function on X to Y). In the present chapter we consider 
only single-valued functions on a subclass of 2 to %, where % is the class of 
all real numbers with the ideal elements +0 and —o adjoined. The notation 
% stands for the class of all real numbers, and the letter a invariably represents 
a real number, while the letters e and d always denote positive real numbers.* 


§ 9. The Character of a Function in the Neighborhood of an Element. 


We take as the subject of discussion a definite function « on % to %. In 
the consideration of the character of the function uw with respect to a particular 
limiting element / of the range, three symbols play an important role: 





* The letters e and d replace the usual e>0 and 6>0. There can be no doubt that convenience and 
economy are conserved by these and other special] notations. We find sufficient precedent in the work of 
Professor E. H. Moore on “General Analysis.” 
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(a) lim w,: upper limit of u, as p approaches l. 
p->l 


(b) lim uw,: lower limit of u, as p approaches I. 
p->l 

(c) lim w,: limit of u, as p approaches /. 
p->l 


Following are the conditions under which these symbols may represent definite 
finite numbers: 


Def.1. The relation lim u, =a is equivalent to the following two con- 
p—>l 


ditions* on uw, / and a: 
(1) esa: 9 R2p* $1.5.-u,Sa+e, 
(2) e.#i ar gp*flau,2a—e. 
Def. 2. The relation lim u, =a is equivalent to the following two con- 
ditions on yu, / and a: a 
(1) esa: QR ap* $1.5.u,24a—¢, 
(2) e. Ria: gv* flay, Sate. 


Def. 3. The relation lim u, =a is equivalent to the following condition 
p->l 
on uw, / and a: 


esa:g Wap®* $1.5. lu,—a| Se. 

These definitions lead to the obvious theorem: 

Tueorem I. The limit of u, as p approaches a limiting element | is a 
number a if and only if the upper limit and the lower limit of u, as p ap- 
proaches | are both equal to this same number a. In symbols: 

lim u, =a: yy: lim u, = lm uw, = 4. 
p—->l p->l p—>l 

For a given limiting element / of % we have also the following analogue 
of the Cauchy condition for convergence: 

TueorEM II. The following two conditions are necessary and sufficient 
for the existence of a finite limit of u, as p approaches |: 

(1) If Kt there exists a p in KR distinct from | such that u, is finite. 

(2) esa: Q Ri2 pt -l. vp $1.5.1! bu, —u,,! Le. 

Proof: That the conditions are necessary is quite obvious. As to their 
being sufficient, we observe that since / is a limiting element of % we have a 
sequence }p,{ of distinct elements of $$ such that 





* Condition (1) may be read: “For every e there exists a class Re such that RR (Re has the relation 
T to l) and such that for every p in Re distinct from 1 the function-value up is less than or equal to 
a+e”; and (2) may be read: “For every e and every f such that Rt! there exists a p in R distinct from 1 
such that the function-value wp is greater than or equal toa—e.” The conditions in definitions 2 and 3 
may be read in similar fashion. 
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(1) Hs Ds A Ny In > Ny D~ pr. 


If for a given e we consider the class #, required to exist by condition (2) of 
the theorem, we see that 





2,22, > 2, + Ny > 2,6 D+| Uy, — Hp, | Le 


By condition (1) of the theorem the terms of the sequence }u,,{, after a finite 
number of terms, are all real numbers; therefore the sequence is convergent 
to a finite limit by the condition just written. Let this limit be a, then 





(2) es]: 5", 3an>n,.>. Hy, —4|S5, 


and by condition (2) of the theorem we have for this same e 


(3) Rap’ #1. p™ $1.5. 





Hy — Hp, | " 


bo] & 


Since, by (1), this conclusion is fulfilled for some value of n, we see that, by 
(2) and (3), 
p™ +-1.5. 


that is, the limit of u, as p approaches / is a. 





a, — | Se; 


TueoreM III. If for a givenl there exist a number a and a class R such 
that R' and such that, for every p in R, |u,| <a, then there exist numbers a and a 


such that 
lim uw, = 4 and lim u, = 4. 
p->l p—>l 
Proof: By use of postulate (III) we secure a sequence }#,} such that 
for every n we have Jt and K*, 
is contained in the preceding term. For every x let a, be the least upper bound 
of u,, where p belongs to #, and is distinct from /, and let a, be the greatest 


lower bound of uw, with the same restrictions on p; then the sequences }a,{ and 


and further, such that each term of the sequence 


& 
}a,{ are respectively decreasing and increasing monotonic sequences of real 
numbers. Since a,2a,, both sequences converge. Let a and a be the limits 
of these sequences, then it is clear that they are respectively the upper limit 
and the lower limit of u, as p approaches 1. 

In the following definition, in which we employ the symbol, =, of defini- 
tional equivalence, we indicate the conditions under which the limit, upper limit 
and lower limit of u, as p approaches a limiting element / may be infinite 
elements of the class 2%. 

Def. 4. With respect to an arbitrary limiting element / of $ the following 


are definitional identities: 
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(a) limug,=+o0:=:a.8R'.5.9p* #lau,>a, 


p->l 

(b) limg,=—or:=3a.8'. 5.5 p* Flay, <a, 

| pl 

(c) limy,=+o02=%.limu,=+o08=23.4a:D: gRap™$1.5.u, >a, 
p->l — 

(d) limg,=—o.2=:. limuy, = —os=s.a:D:gRiep™$1.5.u, <a. 
p—>l p—>l 


Tueorem IV. If }p,} is a sequence such that Lp, =1, then 
lim gw, < lim u,, < lim wy, < lim u,. 
p->l n—>o aia a=! 

These four symbols clearly always represent definite elements of the 
class X; i. e., “the quantities always exist, finite or infinite.” The proof of 
the theorem follows immediately from theorem III and the foregoing defini- 
tions, with some use of well-known properties of sequences of real numbers. 

TueoremM V. Fora given l there exist sequences }p,{ of distinct elements 
such that Lp, =1 satisfying each of the conditions: 


(a) limyu,, = lim g,, 
p>! 


n—>o 
(b) lmg,, = lm u,. 
— pl 


Proof of (a): First, suppose that lim u,=-+ 0. Consider a sequence 
p->l 


{a,{ of real numbers such that lim a,=-+ 0, and a sequence }#,) as required 
; n—>« 


to exist for / by postulate (III). We have by definition 4, (a), 


NeD-ADn Fl3u,, > a,. 
A sequence }p,{ so secured has the desired properties, namely, Lp, =/ and 
lim w,, = +. 
“— ets 
Next, suppose that lim u,=a. Consider a sequence }e,{ of positive real 
p->l 


numbers such that lim e,=0. By condition (1) of definition 1, 
n—>o 


(1) n3D2g Hep Fl. D.u,Late,. 
Take a sequence }3t,} such that for every n Ri and R%», and such that if R! 
the classes 0t,, after a finite number, are all contained in &, all of which may 
be done by means of postulate (III). By condition (2) of definition 1 we have 
(2) N~Di Ave Fl3zu, 2a—e,. 

Clearly, Lp, =/, and since p, is an element of 3t,,, we have by (1) and (2) 


n>D:|u,—a|S2e,, 
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and, the limit of e, being zero, it is seen that the limit of wu, is a, so that the 
sequence }p,{ is of the kind desired. 


In case lim u, = — the proof is entirely obvious, and an entirely 
p->l 


analogous proof is available for the condition (b). 
TueroreM VI. (a) For a given limiting element 1, lim u, =a if and only 
p->l 


if for every sequence }p,} of distinct elements such that Lp, =1 it is true 


that lim u,, = a. 
n—->2 
(b) Proposition (a) still holds if a be replaced by +a or by —m. 


This theorem* is an immediate consequence of Theorems IV and V. 


§10. Iterated Limits at an Element of a Composite Range. 
Let the system (%; 11; 7’) be the composite of two systems, (}’; 1’; T’) 


and ($”; 11"; 7”), and let ® = ¥’ $", where ¥’ and $” are subclasses of 
%’ and B” respectively. Let & and 2” be the derived classes of }’ and 2 ae 
and let OD’ = 9¥’+L and OQ” = $” + LY’; then we have for the derived class 
of % the class Z= WO" + O'L", while QD=YF+L=H0'0". 

We consider again a definite function uw on ¥ to %. For every p’ the 
symbol uw, represents a function on }” to %, having for every p” the function- 
value uy». Similarly, for every p” uy is a function on }’ to %. The symbols 

lim Upp» lim (typ, lim fp: pn, lim {py pv 

oar pil ii il p>! 
represent definite functions, the first two being defined on %” to % and the 
last two on J’ to I, 


TueorEM VII. For a given limiting element 1=I'l"” we have 


(a) lim lim Up pr < lim lim [pt pr < lim lim Up p's 


p—>U! p> p'—>U! pi>v pi—>W pl->l! 
(b) lim lim Lp pr % lim lim Ly p!’ < lim lim [pr pir 


p>! piu p>" pi>l pl'—>U! p!->l! 
It is clear that the symbols indicated always represent definite elements 
of the class 2, and the inequalities follow easily from theorem IV. 
TueorEM VIII. Jf /=I'l", then there exists a sequence \p,| of distinct 
elements such that 








* Compare Alfred Pringsheim, “Zur Theorie der zweifach unendlichen Zahlenfolgen,” Mathematische 
Annalen, Vol. LIII (1900), p. 301; .also Franz London, “Ueber Doppelfolgen und Doppelreihen,” same 
volume, p. 330. Analogies between the theorems of §9 and § 10 of the present paper and theorems by 
Pringsheim and London in the papers here cited, analogies extending in some instances to the very details 
of the proofs, are so apparent that they call for no special notice. A method of specializing the present 
general theory to secure a theory of multiple sequences is shown in § 14. 
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Lp, =! and lim uw, = lim lim uy, 
n—>a pi—>l" pi—>l 
and the proposition remains true tf the iterated upper lint be replaced by any 
of the three quantities 
lim lim [pr pry lim lim pr pity lim lim Up p+ 
pl >i" pi->v pl>U! pi->! pl >U! pip 
We indicate the proof for the case of the iterated upper limit when this is 
a finite number a. Let @ be a function on ¥” to XY such that for every p” 


6,” = lim uy»; then lim 6,, = a, and by theorem V there is a sequence } pp { 
pi—>l pip 


of distinct elements such that Lp,’ = 1” and such that 








a ée 
(1) e:-D:454",2n>n,-D- yr — 4| S55. 


We may regard the sequence |p, { as chosen so that 0, is finite for every n; 


then again, by theorem V, there exists for every n a sequence }p,,,} of distinct 
elements such that Lp,,, =l’ and such that lim uw, »» = = Oy ». Take a sequence 


{e,{ such that the limit of e, is zero. We wl 

(2) niD:yAm,,3m>m,,.D- y—4,| Se,. 

Consider a sequence }%t,} such as is required res i for l’ by postulate (IIT). 
Take a sequence {m,{ such that for every » p;,,, is in #, and m, > m,,; then 
clearly Lp, ,—l' and by (2) we have 

(3) n.> i AP 





For a given e we may take n, so that e © for n> n,; therefore we see by (1) 


nS 


and (2) that lim uw, =a. Take a sequence }p,} such that for all values of 
n—>o =, bd 


Pn= Pm n Pn; then by theorem. VIII, (a), of Chapter II, we have Lp, = 1, 


and also lim u,, = a. 
n—>o 
The proofs of the remaining cases offer no new difficulties, and are omitted 


in the interests of brevity. 


TueoreM IX. Jf l=l'l", then 
(a) lim uw, < lim lima, < lim} lim uw, S lim w,, 
p—>l 


P>t pS piu “p>! pl->v 
(b) If the limit of u, as p approaches | exists,* then 


lim lim uy = lim lim uw,» = lim g,. 
p> pil p>!" p 70 p—>l 





* The term “exists” is employed in the usual sense, to indicate that the limit is defined, i. e., 
represents a definite real number or +o or —a. The theorem may be regarded as comparing iterated 
limits with multiple limits; we can not, however, adopt with consistency any special notation to indicate 
that a limit is “multiple,” since no class is assumed to be linear, and the limits studied in §9 may be 
regarded as multiple limits of any order desired. 
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The propositions of this theorem are easy deductions from theorems V, 
VI, VII and VIII. 

We have just derived, in terms of iterated limits, a necessary condition 
for the existence of the limit of u, as p approaches a limiting element 1. To 
derive sufficient conditions on the iterated limits for the existence of the limit 
is a matter calling for additional restrictions. For this purpose it is con- 
venient to introduce certain uniformity features. We indicate that a condition 
is satisfied uniformly with respect to the elements of a class by placing the 
notation for the class in parentheses following the symbol for the condition. 
Thus, if R” is a subclass of $8”, and 6 is a function on $” to W, finite for every 


p” in R”, and such that lim ly» = 9» for every p”, then we may indicate that 
pil 
the limit function 6 is approached uniformly on R” as in the following 


definition : - 
Def. 5. lim [pr = 9 (3’’) oo = 520 C 8 —)s 3 Ri" 3 oF ° fe. ~) | lyr pr — 9,0 | < é. 
p> 


It will be observed that the uniformity of the condition consists in the 
existence for a given e of a single X, effective for every p” in”. Similarly 
we write: 

Def.6. (a) lim ty= +o (R"). 3 =t.a:D QR" ap "bl. p'®". 5 n>, 

>v 


(b) lim u,y=—o (R”) t= .araigQrisp™#V.p'® Su <a. 
pi->l! 


Tueorem X. If l=I'l" and ®” is a class such that R’", and if R” is the 
greatest common subclass of KR” and B”, then the following propositions hold: 


(a) limu, = 6 (R”). >. lim u, = lim 0,,. lim uw, = lim 9,,, 
pi—>l plt—>l!! p—>l pli 
(b) Vim uy = +20 () lim p= +, 
p->l 
(c) limp, =—o (R”). >. lim tp = — 0; 
p> p->l 
provided that in case l’ is a p’ we have in the respective cases the additional 
hypotheses 


(a) lim 6, mn < lim Uy » ” and lim Hy» on < lim 6, Ny 
p'—> pl>v pil—>l!! pp 
(b) lim Ky ot = =-+ oO, 
p>! 
(c) lim Hy» n=O; 
pip 


and in case Ll” is a p”, in (a) the further hypothesis 


lim 0, < 0» < lim 6,,. 
pi—>i" pp 
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We prove proposition (a), supposing that /’ and 1” are improper limiting 
elements of }’ and ” respectively. Suppose first that lim 6, =a; then for 





a given e we have ited 
(1) BR a p’™ > .OnSat5, 

(2) RY" D>. Bv"% 2 Oy Da—s, 

and by definition 5, 

(3) BR! 2 p'™ ph. | ty gn — Oy | SS. 


Let 8,’ be a common subclass of R/ and KR”, such that R,’, since such classes 
exist by postulate (III); then by (1) and (3) we have 


pO Sats, 


HR’ HR” é. 
p’ ee p”’ 2e_)e | Mr 9 — 9 | S55 


therefore, if Ji, = 3,2, we see that 
(4) p™ > .u,Sate. 
Any class ® such that 3’ must be of the form Ji = Ky Ry, where Rj” and Ry”. 
Since Jt; and Wt, have elements in common, and since Ji,’ and R” have a common 
subclass which fulfils the hypothesis of (2), we have from (2) and (3) 
(5) ap" 2u,2a—e. 
We see, then, from (4) and (5), that lim i, = 8. 
Pp 


Now suppose that lim 0,, = + % ; then for a given a we have 
p> 
(6) we..." 20,>a+1, 
and, taking e <1, we have by (3), 
p’®. pn >. eg gt — 0. | =e 
Let R! and let Xk = RK; RZ, then since R; and I, have elements in common, and 
since 2; and #” have 'a common subclass which fulfils the hypothesis of (6), 
there is a p in # such that uw, > a, and thus lim uw, = + 0. 





p->l 
The proof in case lim 6,,=—oo is not difficult. Under the same hypotheses 
p'—>l' 
with respect to J’ and 1” we easily see that lim 6,, = lim u,. 
p> pl 


If we remove the restrictions on /’ and /”, the additional hypotheses then 
available easily lead to the desired conclusion. ‘ 
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The proofs of (b) and (ce), which offer no new difficulties, are omitted. 

We obtain conclusions similar to those of theorem X under more mild 
hypotheses as follows: 

Turorem XI. If l=U'l” and if 6 and 6 are functions on YB” to HT, then 


(a) A sufficient condition for the relation lim u, < lim 6, is 


pl * _ pl->i" 
gr" afes a3 yg Ra p'™ . pe oD. ty Sh, +6), 
(b) <A sufficient condition for the relation lim u, 2 lim 9,,, ts 
p>l p> 
4 Ri" 2 [e + Bhoess e =| He? 3 p’®. ° ge’ _)- Hy! yp! = On = e] ; 
provided that if l’’ is a p” we have for (a) and (b) the respective conditions, 
lim 0. < Oy» and lim On < Oy : 
pil—>l! pl = > 
We observe that if 6,, is finite for every p” in Rt”, and if 6=4@, then the 
combined hypotheses of (a) and (b) are equivalent to the hypothesis of (a) 
of theorem X, while the combined conclusions are equivalent to the conclusion 


of X, (a) only in case lim 6,, = lim 6,, = lim 0,, = lim 0,,._ If for every p” 
. pip pw pl piu 
in R” we suppose 6,, = —o, then (a) is equivalent to theorem X, (c), both 


in hypothesis and in conclusion, and similarly X, (b) is a corollary of XI, (b). 


§11. Continuity of Functions. 


We return now to the general situation considered in §9. Making use of 
the notations there employed, we turn attention to questions of the continuity 
of the function uw on the range }. 

Def. 7. A function u on ¥ to KH is continuous on % if and only if mw, is 
finite for every 'p, and for every proper limiting element / of ¥ me My = - 

P 


The definition here given is analogous to the usual definition of continuity 
of a function of a real variable. With the present postulates on our system 
(B; U; T) we are not able to define an analogue of uniform continuity on a 
range; but by requiring, in addition to the conditions of definition 7, that there 
shall exist a finite limit for the function u at every improper limiting element 
of %, we obtain a form of continuity that in most applications is equivalent to 
uniform continuity. We call this extensible continuity, and a function having 
this property is said to be extensibly continuous. We have then: 

Def. 8. uw is extensibly continuous on ¥ if and only if it is continuous 
on ¥ and for every improper limiting element / of % there exists an a, such 
that lim u, = a,. 

p->l 


The following theorem is obvious: 
15 
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Tueorem XII. If $ is closed, then u is continuous on % if and only if 
is extensibly continuous on ¥. 
With every function u on $ to I there are two associated functions, o and y, 
called respectively the upper and lower limiting functions of uw on ¥. 
Def. 9. , the upper limiting function of uw on ¥, is a function on the 
range Q such that, for every l, o, = lim 4, and, for every p not in %, 9, =4,. 
Pp 


Def. 10. , the lower limiting function of u on ¥, is a function on the 


range O such that, for every J, y, = lim yu, and, for every p not in &, .—4,. 
p->l 
The functions @ and wy are then functions on 9 to Y. They lead to greater 


economy in the statement of propositions on the function u. 
_ Txeorem XIII. (a) yu is continuous on $ if and only if for every element 
p the function-values ,,, and u, are equal and finite. 

(b) wis extensibly continuous on} if and only if for every q the function- 
values , and p, are equal and finite, and for every p they are equal to u,. 

(c) If wis extensibly continuous on ¥ and XK is the greatest common sub- 
class of % and Q, then @ is extensibly continuous on R and for every u in & 
lim $; = 9,. 
ru 

The truth of (a) and (b) is obvious. As to (c), it should be remarked 


that since 3 is a subclass of 2, @ is defined on HK, and since KR is a subclass 
of %, continuity and extensible continuity are defined for functions on # to Y. 
Further, in view of theorem II, (b), of § 6, and theorem VII, of § 7, we see 
that every limiting element of Rt is a limiting element of %. Since by (b) p is 
finite for every 7 (element of RK), it remains, for the proof of (c), merely to 
show that for every / we have lim ¢;= ¢,. Since u is extensibly continuous 


on }, we have for every J, wee ined $,; that is, 

(1) e.l: Diya p™ #1.5.|4,—9| <5. 
By postulate (IV) we see that 

(2) 3 Ris p>. Re RP. 

We wish now to show that 

(3) m #1.D-|¢;—9,| Se. 


If y isa p, this follows from the fact that #, is necessarily a subclass of %,. 
If y is not a p, it is an improper limiting element of %, and we have by an 
application of (1), 
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bol ® 


7— | S5- 





(4) WR 2 p® 5 


By use of (2) and postulates (III) and (V) we may show that #t, contains an 
element p of #, distinct from /; then (3) follows from (1) and (4). 

THeorEM XIV. (a) If $ is compact and u is extensibly eontinuous on §, 
then u is bounded on , by finite bounds. 

(b) If 8 is compact, then there exist q, and q, such that the least upper 
bound of u on ¥ is etther @,, or u,,, and the greatest lower bound of uw on ¥ 
is either y,, or U,,. 

(c) If $ is compact and closed and u is continuous on ¥, then there exist 
p, and p, such that the least upper bound and the greatest lower bound of u 
on B are respectively u,, and u,,. 

Proof of (a): Suppose that « is not bounded from + 0, and consider 


a sequence }ja,} such that lima,= +o. We have then 
n—>0 


(1) NeD- A VpzF Uy, > An- 

Since $ is compact, and since the number of distinct elements in the sequence 
{p,{ can not be finite, there exists a subsequence }p,} of distinct elements of 
the sequence }{p,} which has some element / as limit.: Since w is extensibly 
continuous, there is a number a, such that 

(2) esDsygm.2m>m,.D.!u,—%| Le. 

Now we may take an », such that for n > n, we have a, >a,+ e, and since 
there exist values of m greater than m, such that n,, is greater than n,, we see 
that (1) and (2) are contradictory. Thus w is bounded from + «, and in 
similar manner we may show that u is bounded from — o. 

Proof of (b): The least upper bound of uw on $ may be a finite number a 
or +o. In either case there exists an element p such that uw, is this least 
upper bound, or there is a sequence }p,{ such that the limit of u,, is this least 
upper bound. If the former is true, then g,= p meets the requirements of the 
theorem; if the latter is true, then there is a subsequence }p, { of distinct 
elements of }p,} which has a limit /, and clearly we have ¢, as the least upper 
bound of uw on %. Similarly q, exists, fulfilling the conditions of the theorem. 

Proof of (ce): Since } is closed, every q is a p, and since yu is continuous, 
>, =u, =, for every p; therefore (c) is a corollary of (b). 


$12. Functions on a Composite Range. 


Returning to the special case when the system (%; ll; ; I’) is the composite 
of the two systems (¥’; WW’; 7’) and (¥"; 1’; T”), and using the notations 
Pp’, O', Y and P”, O”, LW”, as in § 10, we discuss the character of a function u 
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on § to & with regard to continuity and related properties. Use is made also 
of the upper and lower limiting functions, @ and ¥, of un on %. We notice 
that for every q’ 9, and ¥,, are definite functions on 0”, and for every q” 
$,» and y,, are definite functions on 0’. 
THeorEM XV. (a) If lI’ is such that for every 1 of the form l=Il’ p” 
$, is finite and — Lp =, then dy is continuous on PB". 
Pp 


(b) If l’ ts such that for every | of the form l=Il' q” 9, is finite 


and are L, = 9, then dy ts extensibly continuous on B” and for every ll’ 


lim Py p! = Py ye 
pip 


(c) If uw is continuous on B, then for every p” lyn is continuous on P’ 
and for every p’ u, is continuous on B”. 

(d) Jf u is extensibly continuous on }, then for every p" lyn is exten- 
sibly continuous on }' and for every p' uw, is extensibly continuous on ”’. 

The propositions of this theorem are easy deductions from theorems I 
and IX, (b). 

In the following theorem we employ the notation for uniform approach 
to a limit that was introduced in definition 5. 

THeorEM XVI. (a) If l’ ts such that in every W’ such that KR" there is 
a p’ distinct from l’ such that uw, ts continuous on B%", and if there exists a 


function 6 on ¥" to M such that lim u, = 0 (P’"’), then 0 is continuous on PB”. 
pi->l 


(b) Ifl' is such that in every RK’ such that R’" there is a p' distinct from I’ 
such that u, is extensibly continuous on $”, and if there exists a function 6 on 
BR” to U such that x i = 0 (B"), then 6 is extensibly continuous on J”: 

p! U 


(c) With the additional hypothesis that I’ 1s an improper limiting element 
of ’, or, in case l’ isa p’, that uy» = 9, for every p”, we have for both (a) 
and (b) the additional conclusion that for every p” On = dy yn = Vy, and for 


(b) the further conclusion that for every l” ne bo = Dy = Vyy- 
pl ” 


We prove first the lemma: e 
Lemma. If l=l'l” and KR" and R’ is the greatest common subclass of 
LB” and KR”, and if for every W such that HW" there is a p’ distinct from I’ in RK’ 


and a number a such that lim uy» =a, and if there exists a function 6 on $” 
plu 
to XM such that lim ty = 0 (NR), then there is an a, such that lim a? 
pi—>l p> 
By the uniform approach to the function 6, we have for a given e, 





é 
Mar pr ae 6,0 | <. 3 5 


(1) r | x 2 p’®. fe l’ P pr" — ee 
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and by the remaining hypothesis on uw there is a p; in #, such that, taking 
account of theorem I, we have 


(2) Z ae 3 pi + I” ps $e l”’ . —~ . | Myo — My | $5. 

By postulate (III) it may be shown that there exists a common subclass Wty of 
it; and R” such that KR”. If pi! and p, are any two elements of KR, distinct 
from 1’, we have by (1) and (2) the three conditions 


é ' é e€ 
| 0,” — Ey yt | < 3? | Ly py Es 0,” | = 3 and | Ly p’ a Ly pt | $3: 


from which we obtain | Oe — Op | <e. Since condition (1) of theorem II is 


obviously fulfilled, we conclude that there exists an a, such that lim 6,,=a,. 
: plu 


From the lemma and theorem X, (a), the present theorem should now be 
evident. 

The language “uw is continuous on }’” might conveniently be used to indi- 
cate that for every p” the function u,, is continuous on }’; and this manner of 
speaking is especially advantageous if the continuity on }’ is uniform on }”, 
i. e., uniform with respect to p”. Thus we have 

Def.11. (a) uw is continuous on J’ uniformly on }” if and only if for 
every p the function value u, is finite, and for every proper limiting element 1’ 
of ¥’ lim wy = Uy (B"). 

p’->l 

(b) uw is extensibly continuous on }’ uniformly on $%” if and only if uw is 
continuous on }’ uniformly on %”, and for every improper limiting element 1’ 
of %’ there exists a function 6 on %” to & such that ce uy = 8 (B"). 

—>v 


The following theorem is a result of an easy application of the propositions 
of theorem XVI. 


TueoremM XVII. (a) If uw is continuous on ¥' uniformly on %" and if 
for every p’ uy is continuous on $B’, then wu is continuous on P. 

(b) If wis extensibly continuous on P uniformly on $” and if for every 
p’ u, is extensibly continuous on $", then urs extensibly continuous on f. 

The following theorem, the notations of which may easily be interpreted 
by analogy with those previously defined, is not without interest, and is found 
convenient in some applications that follow. 

TueorEM XVIII. If (B®; U; T) is the composite of three systems, 
(BW; 7’), (RW; T”) and (B"; W"; T’’), and if w is defined on $= 
PB’ BR”, and l= ll”, then the following propositions hold: 
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(a) If there exists a function 0 on ' $B" to UA such that lim py, = 


pip 


6 (P’ PB"), and if there exists a function a on ¥'”" to UA such that for every p’” 


lim lim wy yy” =a, then there exists a number a such that lim lim 6,» 
pl->l! pl->l pip! pl->l 


= lim anu = a. 
pit» 


(b) If, in addition to the hypotheses of (a), there exists a function & on 
BR" PR’ to WX such that for every p’” lim wy yn = Em (P”"), then there exists a 
p> Lp! p p 
function y on B” to XU such that lim 6, = y (¥”). 


pil 
Proof: By the first hypothesis in (a) we see that 


(1) p” Je lim Leon gn = 60m (#’), 


pip 
and by the second hypothesis we know that there exists a function £ on }” $’” 
such that 
(2) po” e p”’ e ~ e ti tty pl! pl! = Ew pl! ; 


therefore, applying the lemma to theorem XVI and theorems X, (a) and IX, (b), 
we see that there exists a y on }” such that 


” : te Ms a 
(3) . Pe pee e bs 6, p! = ae ye Yo" . 


Now, for a given e, the first hypothesis in (a), (2) and (3) give respectively 
the conditions 





moe , ” rR” tr e 
(4) aor og up’ a el” =. Lor 9 9 — Dy yn | Sas 
” Ihe . ry rR’ , I é 

(5) pep <=); “J Ie or pin 3 p Ry py + . ~~ - | Er pr — My yr pir | < 3” 
ie ° vu ry’ , é 

(6) p 232g R83 pm FL -D+ lO —Y¥nl Sz. 


Since for every p” and p’” the two classes Vy, 5 and Kt, have a common p’ 


distinct from l’, we see from (4), (5) and (6) that lim £,, = y (%”"), and 
pup 
since by the second hypothesis lim £5) .—= a,» for every p’’, we have the 
plu 


conclusion of (a) by another application of theorems X, (a), IX, (b) and the 
lemma to XVI. 

As to proposition (b), it remains to prove that the approach of 6, to y 
is uniform on $”. This follows from (4) and the following two conditions, 
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which come respectively from the special hypothesis of (b) and the fact that 
lim Ey = y (B"), : 


pity 


le e vu ep ! é€ 
p «>. 4 He pm 3 p'® P mr. p” oe | ep? ptt pitt — Eo pn | < 3? 


ry Fe é. 
3 R. 3 p” e pr e a an ~ - Ea 9 — Vpn | < 3 ; 


for, since #,’ and Kt?’ have a common p’”” distinct from 1’, we have 


pp ®. om a ry e p”’ ° ~ 2 6, pl oe Yor | < é, 


CHAPTER IV. 
APPLICATIONS OF THE GENERAL THEORY BY DirEcCT SPECIALIZATION. 
§13. Introductory. 


In developing the theory of Chapters I, II and III it has not been necessary 
to specify the character of the elements under consideration, and the nature of 
the conditions postulated is such as to provide great latitude in the matter of 
applications. Special theories are obtained by particular determination either 
of a system (%; R) which satisfies the postulates of § 2, thus giving rise to a 
system (%; U; 7’) of the required character, or directly of a system (}; U; 7) 
which satisfies the postulates of § 5. In the present chapter we suggest, by 
means of chosen examples, certain methods of procedure to secure these special 
theories. The first instances used, viz., multiple sequences and functions of 
real variables, are chosen not because of any novelty of form or content of the 
results reached, but rather because of the interest that may be attached to the 
manner in which various familiar theorems, usually treated as independent, 
emerge as special cases of the same general theorem. The remaining examples 
are in the domain of general analysis, and are chosen to show the availability 
of the present method in certain fields already shown to be fruitful of interest- 


ing and useful theories. 


$14. Multiple Sequences. 


We may specify a system ($3; R) as follows: The class ¥ is the class of 
all positive integers; the relation #,R KR, holds if and only if R, and R, are 
equal and consist of a single element, or there exist two positive integers, 
n, and n,, such that #, consists of all integers greater than n, and #, consists 
of all integers greater than »,. 
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This system clearly satisfies the postulates of § 2, and the resulting system 
(B®; U; 7) therefore satisfies the postulates of $5. This latter system is said 
to be of type A,, and is as follows: The class } is the class of all positive 
integers, ll is a singular class having only the element o ; the relation ii" 
holds if and only if # consists of the single element n, and the relation Kt” 
holds if and only if # consists of all integers greater than some given integer. 
The composite system of r systems of type A, is a system of type A,. 


To obtain a theory of multiple sequences, consider the special case when 
the system (%; U; 7) of Chapter III is of the type A,, and the class $ coin- 
cides with %. A function u on ¥ to I then gives an 1-fold sequence of function- 
values, every one of which is a real number or +o or —o. Since the nature 
of the range in this instance renders it unnecessary to place in evidence the 
notation for limiting element, and since it is desired to emphasize the character 
of the limits as multiple limits, it is expedient to adopt notation which places 
all the variables concerned in evidence. Accordingly the notation lim u,,....,; 


(n1,...n") 
is used to indicate the limit of the function-value u,,,,._,, aS the variables n'... .1” 
simultaneously increase without limit. Similarly, the notations lim up... 
(ni....n*) 


and lim fu,.,.., mdicate respectively the upper and lower limits under the 


(nt..--8°) 





same conditions. Explicit definition of these symbols in the light of defi- 
nitions 1, 2,3 and 4 of Chapter III should cause no difficulty. For example, 
lim fm....2, = @ is equivalent to the conditions: (a) For every e there exists 


(n1....n7) 

me....m_ such that if nm’ >ni (t= 1,2,...., r), then unin Sate; and 
(b) For every e and every m'....n” there exist nj....”i such that ni > ni‘ 
(¢t=1,2,...., 7) and such that Mnt....nz Z2a—e. 


Among the contributions of § 9 to the theory of multiple sequences are 
the following, which we record in the form of a theorem. 


THeoreM I. (a) The limit of the multiple sequence Spun...n-{ is a finite 
number a if and only if the upper and lower limits of the multiple sequence 
are both equal to a. 


(b) The limit of the multiple sequence }tmn,...n} exists and is finite if and 
only if for every n'....n’ there exist nj....nj such that ni > n‘ (i =1,2,....,1r) 
and such that Um....n, 1S finite, and for every e there exist n,....n~ such that, if 
ni >ni and n> ni (i=1,2,...., 17), then | nt....ng — Has... | <e. 

(c) If there exist nj... .n{ such that, for n' > nj (i=1,2,....,17), Um. one 
is finitely bounded, then there exist numbers a and a such that 
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lim Hni....n° oa a and lim Ent....n0 = a. 
(nt....nt) (nt....nt) 

(d) If the simple sequence {um...-( is such that lim ni, = © (i= 1, 2, 

si ” m—>o 

..»1), then 
lim n....n° < lim feni....n7 S$ Lim fn one = lim lni....nr° 

(nl....nt) “‘m—>o * _ m>o ™ ie (nl....n") 

(e) There exists a simple sequence of the kind described in (d) having 
for limit lim um....ne, and also one having for limit lim wy... ar. 


(nt....n") (mt....n") 

(f) Lhe limit of the multiple sequence exists, finite or infinite, if and only 
if all simple sequences of the kind described in (d) have the same limit; and 
the limit of the multiple sequence is the common limit of the simple sequences. 

In §10 we may consider the systems (’; WW’; T’) and (%"; u”; T”) to be 
of types A, and A, respectively, where r,+ r,=7; then our hypothesis with 
respect to (R; U; 7) is fulfilled. The real force of the theorems on iterated 
limits is here realized only by repeated application of the principles established, 
a process made available by the persistence, under composition of systems, 
of the conditions specified in our postulates. We may conveniently use the 
notation * In, Um....nx to denote the result of taking the upper limits 

(ml... .n*).... (nt... nt) 
as the variables n'....n” tend to infinity in groups, the group n‘....n" passing 
to the limit first, ete. Analogous notations, easy of interpretation, may be 
used for limits of other types. With a little reflection the theorems of § 10 


are seen to yield the following results: 
THeoreM II. (a) For every expression of the type 


lim ree 
(nt....n#)....(nt....n*) 

where the grouping of the variables and the arrangement of upper and lower 
dashes are entirely arbitrary, there exists a simple sequence }u,,...n.} such that 
lim ni, = © (t= 1,2,...., r) having the given expression for limit. 
m—->o 

(b) An expression of the type mentioned in (a) is not less than the ea- 
pression obtained from it by replacing any number of upper dashes by lower 
dashes; or by the subdivision of any group that has an upper dash and giving 
the subgroups either upper or lower dashes; or by combining any number of 
adjacent groups and giving the combined group a lower dash. In particular, 





* Compare Bromwich and Hardy, “Some Extensions to Multiple Series of Abel’s Theorem on the 
Continuity of Power Series,” Proceedings of the London Mathematical Society, Series 2, Vol. II, p. 161. 


16 
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if the limit of the multiple sequence exists, then every expression of the type 
discussed is equal to the limit of the multiple sequence.” 
(c) If there is an s-fold sequence }6,:....4.} such that for n'>n, (i=1, 2, 
weeey ST) On... nr US finite, and such that 
lim lint tnt = O(R'....), 


(n* +4... 
where R* consists of all n' greater than ni (t=1,2,...., r), then 
_lim fnt....nt —_ lim a and lim nt....n7 = lim — : 
(n1....n") (nl....n*) (n2....m7) (n2....n*) 
and if for similarly chosen R'....#* we have 


Tim flyess....or = + 0 (St... HY, 
) 


(n#+1,...7 


then we also have 
lim feni....nr — + oo) 4 


(nt,...n7) 
and this latter statement remains true if +o be replaced by —o. 

The theorems of § 11 and $12 are clearly applicable to multiple sequences, 
although in some cases the results are trivial, and in some cases are identical 
with results already obtained from §9 and §10. We note here the fact that 
if the system (%; 1; 7) is of type A,, then an extensibly continuous function 
on % gives a convergent sequence of finite terms, while analogous statements 
hold for systems of type A,. If we assume the system to be of type A, and 
consider uw defined on the class $ = f, then the lemma to theorem XVI, § 12, 
may be interpreted as follows: 

TueoreM III. If the s-fold sequence }6,....n.} is such that 


lim Uns+i....nr — 6 '. = 9"), 
r) 


(n#+1,...0 
and if for every n*t+!....n" there are values nit!....n{ such that nj > n' 
(t=s+1,....,r) and such that us....nt is a convergent s-fold sequence, then 
{O,1....ne¢ 18 a convergent s-fold sequence. . 


§ 15. Functions of Real Variables. 


To obtain applications of the general theory to functions of a real variable 
we might, as in the previous section, specify a system ($; #) in which ¥ 
should be the class of real numbers and &# should be so defined as to secure 
ideal elements corresponding to +o and —o. For the sake of. simplicity 
however, we proceed at once to the speeification of a system ($;U;7). Pf is 





* Compare the note by G. H. Hardy, Proceedings of the London Mathematical Society, Series 2, 
Vol. II, p. 190. 
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the class of all real numbers; ll consists of two elements, +o and —wo ; 
a class # has the relation 7 to a given element p, if and only if there is a 
number d such that # consists of all elements p such that |p —p,|<d; # has 
the relation T to +0 if and only if there is a number a such that # consists 
of all elements p such that p>a; and # has the relation 7 to —o if and only 
if there is a number a such that Jt consists of all elements p such that p <a. 

Such a system, which obviously fulfils our postulates, is designated as a 
system of type B,, and the composite of r such systems is a system of type B,. 
Attention should be called to the fact that with this special determination of 
the system (%; Ul; 7’) the definitions and theorems in Chapter II relative to 
limiting elements, and, pertaining to properties of subclasses of }, are in 
accordance with the usual treatment of these features of the range of a real 
variable. 

It may be seen, without detailed discussion here, that in this instance the 
theory developed in Chapter III is a theory of multiple and iterated limits 
and continuity of functions of several real variables. The definitions and 
terminology employed render the interpretations of the various theorems im- 
mediate, except for the fact that the term “extensible continuity” has not been 
in use to denote a property of a function of a real variable. We show in 
theorem V that this property, for functions on a limited number set, is equiva- 
lent to the property “uniform continuity.” For convenience in the proof of 
theorem V we prove first the following theorem: * 

THrorEM IV. If the system (PB; U; T’) is of type B,, then every subclass 
¥ of 8 is compact. 

Proof: In view of theorems V, (a) and VII, (d) of §7, it is sufficient to 
consider the special case when r=1 and $=. Let jp,} be a sequence of 
distinct elements of %. If any limited subclass of % contains an infinite sub- 
sequence of {p,}, then by a well-known property of the number system this 
subsequence gives rise to at least one limiting element. If no limited subclass 
of % contains such a subsequence, then, considering a sequence }a,,} of real 


numbers such that lim a,,= +o, we see that for every m there is an n,, 
m—>o 
such that p,, >, OF P,,, << —4,,. Clearly at least one of the infinite ideal 


elements is then a limit of a subsequence of }p,}. 
Tueorem V. If the system (B; U; T) is of type B,, and if u ts defined on 
the subclass ¥ of ¥%, then we have the propositions: 





* There is a difference in the force of the term “compact” as employed here and as employed by 
Fréchet (Rendiconti del Circolo Matematico di Palermo, Vol. XXII, p. 6), due to the fact that we recog- 
nize ideal limiting elements while Fréchet does not. 
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(a) If uw is extensibly continuous on B, then u is uniformly continuous 
on 3. 

(b) If B as limited and u is uniformly continuous on B, then pw is exten- 
stbly continuous on ¥. 

Proof of (a): By the definition of extensible continuity we see that for a 
given limiting element p of $ and for an arbitrary positive number e we have 





pi—p'|Sd,,.D- Mn Hel Se 
(i=1,2,....,1); 


(1) 3¢,?p=p’... -P"' «P= P)-. - -Pi- 


while for an element p that is not a limiting element of 3 we have 





pi—p'|<d,.5-7,=P 
(i=1,2,....,r). 


(2) a¢d.29=p' ....7 Q=@...-<e 


Consider a function 6 on $ defined as follows: For every limiting element p 
of % let 5, be one-half of the least upper bound of the set of values effective 
as d,, in (1). For every element p that is not a limiting element of } let 4, 
be one-half of the least upper bound of the set of values effective as d, in (2). 
This function 6 is positive for every p, and we proceed to show that the greatest 
lower bound of 6 on § is positive. Let a, denote this greatest lower bound of $ 
on }, for the value of e in question, then since ¥% is compact by theorem IV, 
we see by theorem XIV, (b), of $10 that either there is a p such that 6, =a, 
or there is a limiting element / of $ such that lim é, =a,. In the former case 
p->l 

a, is clearly positive. In the latter case we have by the extensible continuity 
of u on $, applying theorem II of $9, 





sj Rha p?. pi. lt, —~ Hy, | 
Now we clearly have 1/=q'....q’ and i, = R'.... HR’, where the relation Ri" 
holds for i=1,2,....,7; therefore each of the Ji‘ must be of one of the three 


forms: (a) all p' such that | p'— q*| <d‘; (b) all p' such that p'> a‘; (c) all 
p' such that p'<a‘. Consider nowa class #, = Hj... . 2}, such that Ri, defined 
as follows: If #*‘ is of form (a), then Rj consists of all p* such that | p'—q'|<d; 
if Ris of form (b), then Ri consists of all p' such that p'>a‘'+d; if HR‘ is of 
form (c), then 3 consists of all p‘ such that p'< a'—d. The number d is 
one-half of the least of the d‘, in case any of the #' are of form (a), and other- 
wise d is unity. Fora given #,, then, #, is a definite class, and for every p 


in R, we have 6,2>3d. Clearly lim 4,234, so that a, is positive. Now re- 
p->l 

ferring to (1) and (2) we see that if p,=pi.... pi, and p,= p2.... 3, and 

|pi— p3| <a,, then |u,,—u,,! <e; that is, w is uniformly continuous on §. 
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Proof of (b): Since uniform continuity on $ implies the convergence of 
“, a8 p approaches any proper limiting element of $8, and since, $ being limited, 
every limiting element of § is finite, it is sufficient to show that u is convergent 
at every finite improper limiting element of ¥. By hypothesis we have, if 
pP,=DPi...- pi and p,=p2.... ps, 


(3) e833 34¢d,3 | pi—pi| Sd, (t=1,2,....,r)-D.|u,—u,| Le. 


If 7 is an improper limiting element of $$, then for a given e we may take 
R= R.... 92, where Ri = [all p'2 | pi—q'| <d,/2] (t=1,2,....,r), where 
1=q'....q', and obviously, if p, and p, are both in #,, we have by (3) 
| tp, — Up,| Le. Thus, by theorem ITI of §9, uw is convergent at I. 

Interesting results are obtained if, in $10 and $12, we take one of the 
component systems to be of type A, and the other of type B,. We notice here 
a few special cases. 

In theorem IX, (b), of § 10 let (’; 1’; 7’) be of type A, and (¥”;"; 7”) 
of type B,. Let }’ =f’, but let $” be an arbitrary subclass of Rp”. IV is 
necessarily the ideal element 0, but we take /” as a proper limiting element 
of $”, this class being assumed to have such a limiting element. If we replace 
the notation p’ by » and p” by «, and set 1” = a, the theorem yields the 
following: 





TueoreM VI. If }&,(x)} is a sequence of functions defined for every x 


of the set B®”, and if lim £,(a) =£&(a) and lim &,(x) =£(a), and if for every e 
— no . 
there exist n, and d, such that |&,(x) —a|<e for n>n, and x such that 


|x—a| <d,, then we have 
lim E (a) = E (a) = lim §(%) = & (2) =a. 
2-2 t->2~ - 

A sequence of functions satisfying for every e the condition of the hypoth- 
esis of this theorem is here designated as a sequence “totally * convergent 
at 2.” By similar specialization we obtain from theorem X, (a), of § 10 the 
following: 





* If there is an interval 7—d to 2,+d such that, for every @ in the interval, lim n(x) =£(«), 
n—>o 


and if for every e there is an me and a de such that for n>ne and a—de<@<a%-+d we have the con. 
dition |&n (~) —£(x)| < e, then the sequence may be called “uniformly convergent at 2,” by analogy with 
the use of this term in the theory of series of functions (W.H. Young, Proceedings of the London Math. 
Society, Series 2, Vol. I, p. 90; also Vol. VI, p. 29). In case the limit function £ (x) exists for all values 
of x in an interval 2,—d to 2+d, total convergence at x implies uniform convergence at x; and in case 
the number of functions of the sequence that are continuous at x is not finite, uniform convergence at «, 
implies total convergence at a; but for an unconditioned sequence of functions total convergence at a 
point and uniform convergence at a point are independent properties. 








126 Root: Iterated Limits in General Analysis. 


TueorEM VII. If a sequence of functions is uniformly convergent on a set 
consisting of all elements x in the interval from x,—d to x, +d and if the 
limit function is continuous at Xp, then the sequence is totally convergent at xp. 

And from the same theorem, but taking (}’; W’; 7’) to be of type B,, 
and (%”; 1”; T”) of type A,, we have 

TueorEM VIII. If the functions of a sequence are equally* continuous 
at x, and if the sequence is convergent at x,, then the sequence is totally 
convergent at %. 

By taking account of theorem V of the present section we have the following 
two theorems resulting from theorems XV and XVI of $12: 

TueorEeM IX. If {&,(x)} is a sequence of functions defined on J", and if 
the sequence is convergent for every x in ¥”, then 

(a) If the sequence ts totally convergent at every proper limiting element 
of %”, the limit function is continuous on PB". 

(b) If the sequence is totally convergent at every limiting element of 3%”, 
the limit function is uniformly continuous on ¥". 

TuerorEM X. If $&,(x)} is a sequence of functions defined on the limited 
set %”, and if the sequence is uniformly convergent on ¥", then 

(a) If for every term of the sequence there is a subsequent term that is 
continuous on B", then the limit function is continuous on YB”, 

(b) If for every term of the sequence there is a subsequent term that is 
uniformly continuous on $", then the limit function is uniformly continuous 
on YB”. ; 

The remaining two theorems of this section are seen to follow from 
theorem XVII of § 12, if we take account of theorem V of the present section 
and remember that in the general theorems the situation is symmetrical with 
respect to the two component systems. 

TueoreM XI. (a) If }&,(x)} is a sequence of functions continuous on J’, 
and if the sequence is uniformly convergent on $", then at every proper limiting 
element of %” the sequence is totally convergent. 

(b) If B” ts limited and the functions of the sequence are uniformly con- 
tinuous on %”, and if the sequence is uniformly convergent on %", then at every 
limiting element of Y” the sequence is totally convergent.t 





* The functions of a sequence are equally continuous at x if for every e there is a de such that for 
every n and for |a—a| <de we have |fn(v) —n(a%)|<e. For a discussion of the term see Fréchet, 
loc. cit., p. 11. 

+ Theorems XI, (a), and IX, (a), together give the well-known theorem: “A uniformly convergent 
sequence of continuous functions has a continuous function for limit.” Propositions (b) of these two 
theorems give the corresponding theorem for a sequence of uniformly continuous functions. We notice 
that these theorems are corollaries of the two propositions of theorem X. 
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TueoreM XII. (a) If the functions of the sequence }&,(x)} are equally 
continuous on 3”, and if the sequence is convergent at every x in $”, then at 
every proper limiting element of $%” the sequence is totally convergent, and the 
limit function is continuous on $". | 


(b) If B” ts limited and the functions of the sequence are equally uniformly 
continuous* on 3%", and if the sequence is convergent at every x in $”, then at 
every limiting element of ¥” the sequence is totally convergent and the limit 
function is uniformly continuous on $B”. 


§16. An R Relation in Terms of K,. 


The K, relation used by Professor E. H. Moore in Part II of his memoir on 
“General Analysis” may be characterized as a relation on the composite class 
¥ 3, where ¥ is a class of elements of any kind whatever, and % is the class of 
positive integers.t In other words, K, may be considered defined for a class $ 
if a criterion exists by which it may be determined for every element p and 
integer m whether K,,, or K,,,; 7. €., whether the relation K, holds or does not 
hold for p and m. While Professor Moore defines certain properties for this 
K, relation, he does not permanently condition the relation by any fixed prop- 
erties or postulates. 


We define a relation R in terms of K, as follows: The relation #, RR, 
holds if and only if #, and #, both consist of the same single element p, or 
there exist two integers m, and m, such that #, consists of all elements p such 
that K,,,, and Jt, consists of all elements p such that K,,,,. 


In order that the system (%; 2) obtained in this way shall satisfy the 
seven postulates of § 2, it is necessary that some restrictions be placed on the 
K, relation. The following conditions are found to be sufficient: 


(1) For every m there exists a p such that K,,,. 
(2) For every p there exists an m for which K,,, does not hold. 
(3) If m,<™m, and if K then K,,,, - 


pM2 ? 


Assuming that these conditions are fulfilled, we see that a class v, consists 
of a single class # which contains the single element p. One ideal element 
exists, consisting of all classes # of the type R= [all p2K,,,], there being 
a class # of this class of classes corresponding to each integer m. 





* The functions of the sequence are “equally uniformly continuous” on P” if, for every e, there is 
a de such that, if |~7,—,|<de, then the relation |£n(a#,) —&n(#2)| <¢ holds for every n. 
+ E. H. Moore, “Introduction to a Form of General Analysis,” p. 126. 
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§17. Application to a System (}; K,). 


In this section we consider a system (3; K,), where } is an arbitrary class 
of elements and K, is a relation on $PY. That is, we suppose a criterion pro- 
vided by which we are able to say for every p,, p, and m whether or not the 
relation K,,,,,, holds. The notation K, is used by Professor Moore for a re- 
lation of this type,* and as in the case of the relation K,, the relation is con- 
ditioned by various hypotheses to secure desired results in the theorems in 
which it is involved, but no permanent postulates or conditions are adopted. 

For our purposes it is convenient to postulate the following conditions on 
the system+ (3; K,): 


(1) The relation K 











holds for every p and m. 





ppm 







| (2) 1 4, 4s om Sy 
(3) If m,<m, and if K, ,.m,, then K,, ,, m,- 
(4) For every m there exists an m, such that if K,,,,m, and K,on,; 
then K,, ,m- 





(5) If p, and p, are such that K, ,,,, holds for every m, then p, = p,. 


Still further restrictions} on the system (%; K,) would be required to 
enable us to derive from it a system (¥%; R) which would fulfil our postulates. 
These assumptions, however, furnish sufficient basis for a special definition of 
ideal elements, and for the determination of a system$ (%;U; 7’) which fulfils 
the postulates of § 5. 

An ideal] element of the system (%; K,) is a class s of sequences }p,} of 
elements of $3, having the following properties: 










1. If }p,} is a sequence belonging to the class s, then for every m there 
exists an »,, such that, if n, and , are both greater than m,,, the relation 
Kom, pn, m Holds. 

2. If }p,{ and }p,{ are sequences belonging to the class s, then for every m 
there exists an n,, such that, if n, and », are both greater than n,,, the relation 


Kym pre m Holds. 















* Loc. cit., p. 126. 
+A system of the type here indicated forms the basis of T. H. Hildebrandt’s “Contribution to the 
Foundations of Fréchet’s Calcul Fonctionnel ” (AMERICAN JOURNAL OF MATHEMATICS, Vol. XXXIV, p. 237). 
He gives a “complete existential theory” for eight properties of the system, including the first three and 
the fifth of the properties postulated here. The first three are among the properties considered by E. H. 
Moore, loc. cit., p. 127. 

$A sufficient additional restriction would be the following assumption: If p, #p,, then for every m 
there is a p such that Kp, pm holds but Kp, pm does not hold. 

§ A system ($; 11; 7) in which 01 is the null class may be derived by omitting this definition of ideal 
elements. In this case assumption (4) may be made less restrictive by permitting m, to depend on p as 
well as on m. 
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3. For every p there exists a sequence }p,} of the class s and an integer m 
such that for every n there is an », greater than n such that K,,, ym does 
not hold. 

4. Any class s, which has properties 1, 2 and 3 and contains s, must 
coincide with s. ; 


Let U denote the class of all ideal elements arising by this detinition and 
let O=$%-+U, then we may extend the definition of K,, to make it a relation 
on $8, as follows: The relation K,,,, holds if and only if there is a sequence 
\p,{ of the class s such that for every » the relation K,,, ,, holds. 

To complete the specification of a system ($$; 1; 7’) it remains to define 
a relation 7 for the classes % and Ul. Let the relation #% hold if and only if 
there is an integer m such that Ji consists of all elements p for which the 
relation K,,,, holds. That this system ($; U1; 7) satisfies the postulates of § 5 
easily follows from five conditions which are easily deduced from the assump- 
tions on the system (%; A,) and the special definition of ideal elements. These 
five conditions, the first of which is identical with the first assumption, may be 


written: 
(1) The relation K 


ppm 
(2) For every u and m there exists a p such that K ee 
(3) If m,<m, and if K,,,,, then K,om,- 
(4) For every m there exists an m, such that if K and K 


De Pi M1 pr gm? 
then Ky, am: 


(5) If q,#4q, there exists an m such that no element p can fulfil both 
relations K and K 


pqam pq2m°* 

The theory of Chapters II and III is available for any system (}; K,) 
which satisfies the assumptions of this section, by the mediation of the asso- 
ciated special system (%; U1; 7’). Here, as in the case of a real variable, there 
is a close relation between the properties “uniform continuity” and “exten- 
sible continuity.” If (%; K,) is a system which fulfils the foregoing assump- 
tions, and uw is a function defined on a subclass } of %, then u is uniformly 
continuous on ¥% if and only if for every e there exists an m, such that if 
K then |u,,—«,,| Se. | 


D1 P2 Me 
THeorEM XIII. If (PR; K,) is a system fulfilling assumptions (1) to (5), 
then a function u is uniformly continuous on a compact subclass B of PB if and 
only if, with reference to the associated system (B;U; 7), w is extensibly 
continuous on %. 
The proof of this theorem may be made similar to that of theorem V, § 15. — 
17 


holds for every p and m. 


qm2) 
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$18. The Fréchet Voisinage. 


In his thesis M. Fréchet* denotes by (V) a class of elements for which 
there is defined, fulfilling certain conditions which he specifies, the notion of 
“voisinage.” We may present his assumptions accurately, but in form adapted 
to our purposes, as follows: With the class } of undefined elements is associated 
a function V, forming the system (%;V). The function V is defined on $3 % to 2; 
i. €., it assigns to every pair of elements, p, and p,, a real number, which is 
denoted by (p,p.). The conditions postulated for this system (%; V) are: 


(1) For every two elements p, and p, we have (p, p,) =(p.p,) 2.9. 

(2) If (p,p,) =9, then p,= p,. 

(3) If p,=p,, then (p,p,) = 0. 

(4) There exists a function ¢(d) such that lim @(d) =0 and such that 
if (p,p,) Sd and (p,p;)<d, then (p,p;) So(d). 

Proceeding now as in the case of a system (%; K,), we give attention to 
the introduction of ideal elements.t¢ An ideal element of the system ($$; V) is 
a class s of sequences }p,! of elements of the class $ which fulfils the following 
conditions: 

1. If }p,{ is a sequence belonging to the class S, then for every d there 
exists an m, such that, if n, and n, are both greater than n,, then (p,, p,,) <4. 

2. If }p,} and ‘nt are sequences belonging to s, then for every d there 
exists an », such that, if n, and n, are both greater than n,, then (Du, Pns) <d. 

3. For every p there exists a sequence }p,} of the class s and a positive 
number d such that for every n there is an n, greater than » such that 
(P,,P) > d. 

4. Any class s, which satisfies conditions 1,2 and 3 and contains s must 
coincide with s. 

We extend the definition of V so that it is a function on $0, where, as 
before, © is the class } with ideal elements u adjoined, by assigning to (pw) 
the value d, of the greatest lower bound of the set of numbers d for each of 
which there exists a sequence }p,{ of the class u such that (pp,) <d for every n. 

In terms of this extended function V a relation 7' is specified: The relation 
RY holds if and only if there exists a d such that # consists of all elements p 
for which (pq)<d. It may be shown without difficulty that the system 





* Rendiconti del Circolo Matematico di Palermo, Vol. XXII, p. 17. 

+ Here also we might specify a system ($$; R) in which R& should be defined in terms of V in such 
manner as to fulfil our postulates, by the adoption of an additional condition on ($; V). A condition 
effective for this purpose would be: If p,-- p,, then for every d there exists a p such that (pp,) <d, 


while (pp.) >d. 
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(®; U; 7), now definitely determined by the system (}#; V), satisfies the pos- 
tulates of $5. As to the significance of the general theory of Chapters II 
and III, in this special case, we give attention here only to a feature of exten- 
sible continuity. Let (®; V) be a system satisfying conditions (1) to (4) and 
let « be a function defined on the subclass } of KR. The function uw is uniformly 
continuous on ¥ if and only if for every e there exists a d, such that if 
(P,P2) S4,, then |u,, —u,,| Se 

In strict analogy with theorem XIII of § 17 we have 

Turorem XIV. If (%;V) is a system satisfying conditions (1) to (4), 
then a function u is uniformly continuous on a compact subclass ¥ of ® if and 
only if, with reference to the associated system (¥;U; 7), u is extensibly 
continuous on JP. 


$10. <A Class of Functions as Range of the Independent Variable. 


By the mediation of our definition of a system (}%; ll; 7) in terms of a 
system (¥%; V) our general theory is available for any class $ of elements for 
which there is defined a voisinage, or an écart, which may be considered as a 
special voisinage. Among these classes }, is the class of all real-valued, single- 
valued functions that are uniformly continuous on a given interval of the real 
number system.* Our theory is equally applicable, however, to a class % 
consisting of all real-valued, single-valued functions on a range absolutely 
unconditioned. 

Let & denote a class of elements k, concerning which no hypotheses are 
required. We consider a systemt+ (}; 11; 7’) in which ¥ is the class of all 
single-valued functions on & to %1, ll is the null class, and T is defined relative 
to a particular function o on R to Y&. For a given function o the relation 7’ 
is specified as follows: The relation #? holds if and only if there exists a posi- 
tive number e such that # consists of all functions p, such that for every k 
|p.,—D,|Sejo,|. This system obviously satisfies the five postulates of § 5. 
Since in this special instance the class ll is not arbitrary, and since the system 
involves the arbitrary class & and the arbitrary function o, the notation 
($; 7; KR; 0) is adopted for a system of this special type. 

A necessary and sufficient condition that a sequence }p,} shall have the 
limit p, by definition 2, § 7, is: For every e there exists an m, such that, if 
n>n,, then |p,,—p,|<elo,| for every k. If this condition is fulfilled, the 





* M. Fréchet, loc. cit., p. 36. 
+ We might just as readily set up a system ($$; R) which would give rise to this system ($; U; 7). 
by the process explained in §5, but the present plan is more direct. 
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sequence {p,{ of functions is said to approach the function p relatively uni- 
formly,* the relativity being with respect to the scale functiono. Theorem IV 
of §7 now shows that a subclass R of ® is closed (definition 4, §7) if and only 
if every sequence of functions belonging to Jt that converges relatively uni- 
formly with respect to o converges to a limit functiont+ that is in 8. For 
example, the class of all functions constant on & is closed; or, the class of all 
functions p such that a,< p,<a, for every k is closed. 

If we make the special hypothesis that ® is a subclass of a class % for 
which there is defined a relation R so that (%; R) satisfies the postulates of 
§ 2, then, through the associated system of the type (¥%; U; 7’), the theory of 
Chapter III is applicable to functions p defined on &. With this restriction 
on & and the hypothesis that o is bounded on &, we have the following examples 
of closed subclasses # of $: 

1. The class of all functions p that are convergent at a given limiting 
element of &. 

2. The class of all functions p that are convergent to a given limit at a 
given limiting element of &. 

3. The class of all functions p that are continuous on &. 

4. The class of all functions p that are extensibly continuous on §&. 

With the further hypothesis that (8; R) is the composite of two systems, 
(B’; R’) and (%"; R”), and that R = KR”, where K’ and K” are subclasses 


respectively of 3’ and 8%”, we have the further examples of closed subclasses 
of $: 

5. The class of all functions p such that, for a given limiting element 
L=l'l” of R, lim lim p,,, exists and is finite. 

kb’ —>l kv 

6. The class of all functions p such that, for a given limiting element 

1=l'l” of ® and a given number a, lim lim p,,. = a. 
kl" kr 

7. The class of all functions p such that, for a given limiting element 
1=Il'l” of &, there is (for each p) a function a on R”, convergent at 1”, such 
that lim p, =a (R”). 

k’—>l’ 

8. The subclass of 7 containing every function p for which the corre- 
sponding a has the limit a at 1”. 





* E. H. Moore, loc. cit., p. 29; also Atti del IV Congresso Internazionale dei Matematici (Rome, 
1908), Vol. II, p. 101. 

+ A class of functions that is closed in this sense, for a given o, has the closure property Ce. 
“closed as to S,” used by E. H. Moore (“General Analysis,” p.37; and Atti, etc., p. 101), where ©, the scale 
class, contains the single function o. If there exiet positive real numbers a, and a, such that a, <|o,| <a, 
for every k, then closure as to o is equivalent to closure under extension by adjoining the limits of all 
uniformly convergent sequences of functions of the class. Important instances in which this equivalence 
is not effective are furnished by classes of functions defined for positive integers and giving rise to abso 
lutely convergent series (FE. H. Moore, “General Analysis,” p. 38, as to Mle; and Atti, etc., p. 12, as 
to MAM). 
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9. The class of all functions p such that for every k” p,. is continuous 
on §’. 

10. The class of all functions p such that for every k” p,. is extensibly 
continuous on §’. 

11. The class of all functions p continuous on &’ uniformly on R”. 

12. The class of all functions p extensibly continuous on §’ uniformly 
on ®”. 

The proofs that these classes are closed* may be made to depend on the 
general theorems of Chapter III in the same way that the theorems on sequences 
of functions in § 15 are deduced from them, 

Dropping now the special hypotheses on & and o, we observe that 
theoremt+ VII of § 7 reduces in this case to the familiar proposition, “Every 
derived class is closed.” 

Consider a system ($3; 7; ; 0) as defined above, where ® and o are 
arbitrary, and consider a function u defined on a subclass $ of §, finite for 
every p. The function uw is uniformly continuous on ¥ if and only if for every e 
there exists a d, such that, if |p,,—p,|<d,|o,| for every k, then |u,—uwu,,| Se. 
We have again the relation between uniform continuity and extensible con- 
tinuity: 

THeoremM XV. If % is a compact subclass of a class % pertaining to a 
system ($;T;R; 0), then a function uw is uniformly continuous on % if and 
only tf u is extensibly continuous on ¥. 

Note.—The investigations leading to the present paper were completed in June, 1911, and the manu- 
script left the hands of the author in April, 1912. These facts are offered in explanation of what might 
otherwise appear to be unwarranted disregard of certain recent contributions to the literature of this 
field. We have added foot-note references to papers by E. R. Hedrick, Transactions of the American 
Mathematical Society, Vol. XII (1911), pp. 285-294, and T. H. Hildebrandt, AMERICAN JOURNAL OF MATHE- 
MATICS, Vol. XXXIV (1912), pp. 237-290. At this point we should mention a recent paper by E. V. Hunt- 
ington, on “A Set of Postulates for Abstract Geometry, Expressed in Terms of the Simple Relation of Inclu- 
sion,” Mathematische Annalen, Band 73 (1913), pp. 522-559, which obviously has a strong bearing in the field 
of the present paper. Mention may also be made of a more recent paper by the present writer, “Limits 
in Terms of Order, with the Example of Limiting Element not Approachable by a Sequence,” Transactions of 
the American Mathematical Society, Vol. XV (1914), pp. 51-71, which pertains to the same general field, 


and in which relationships of various systems of postulates receive further attention. 
ANNAPOLIS, MpD., February, 1914. 








* These classes, 1-12, have also the property “self-closure” defined by E. H. Moore, Atti, ete., Vol. II, 
p. 102, and designated simply as “closure” in “General Analysis,” p.37. Other properties of general refer- 
ence, i. e., properties defined for classes of real-valued functions in general, and therefore applicable to the 
classes here enumerated, are the five dominance properties, D, D., D’,, D, and D, (“General Analysis,” 
p. 39). Classes 1, 3,5,7,9, 10,11 and 12 have properties D, and D,; classes 2,6 and 8 have property D,, 
and, in case the given number a which enters in the definition of each class is positive or zero, they have 
property D,, and property D’, in case a is zero; and the class 4 has properties D, D,, D, and D,. 

7 It is worthy of note that this general theorem, as applied in the special case now under con- 
sideration, is, by an application of theorem II, (b), of §6, equivalent to a special case of theorem III, 
p. 52, of Professor Moore’s memoir on “General Analysis.” The special feature is, obviously, in the 
reduction of the scale class © to the single function o. 
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§18. The Fréchet Voisinage. 


In his thesis M. Fréchet* denotes by (V) a class of elements for which 
there is defined, fulfilling certain conditions which he specifies, the notion of 
“voisinage.” We may present his assumptions accurately, but in form adapted 
to our purposes, as follows: With the class $ of undefined elements is associated 
a function V, forming the system (%;V). The function V is defined on $¥ to A; 
i. €., it assigns to every pair of elements, p, and p,, a real number, which is 
denoted by (p,p,). The conditions postulated for this system (%; V) are: 


(1) For every two elements p, and p, we have (p, p,.) = (p.p,) 29. 

(2) If (p,p,) =0, then p,= p,. 

(3) If p,=>p,, then (p,p,) = 0. 

(4) There exists a function @(d) such that lim ¢(d) =0 and such that 
if (p,p.) Sd and (p,p;)<d, then (p, ps3) 5 o(d). 

Proceeding now as in the case of a system (%; K,), we give attention to 
the introduction of ideal elements.t An ideal element of the system ($%; V) is 
a class s of sequences }p,} of elements of the class $ which fulfils the following 
conditions : 

1. If jp,} is a sequence belonging to the class S, then for every d there 
exists an m, such that, if », and n, are both greater than n,, then (p,, p,,) <d. 

2. If }p,} and ‘n,} are sequences belonging to s, then for every d there 
exists an ”, such that, if n, and n, are both greater than n,, then (p,, D,,) <d. 

3. For every p there exists a sequence }p,} of the class s and a positive 
number d such that for every nm there is an m, greater than m such that 
(P,P) > d. 

4, Any class s, which satisfies conditions 1,2 and 3 and contains s must 
coincide with s. 

We extend the definition of V so that it is a function on $, where, as 
before, © is the class % with ideal elements u adjoined, by assigning to (pu) 
the value d, of the greatest lower bound of the set of numbers d for each of 
which there exists a sequence }p,} of the class wu such that (pp,) <d for every n. 

In terms of this extended function V a relation 7 is specified: The relation 
R* holds if and only if there exists a d such that R consists of all elements p 
for which (pqg)<d. It may be shown without difficulty that the system 





* Rendiconti del Oircolo Matematico di Palermo, Vol. XXII, p. 17. 

+ Here also we might specify a system ($%; R) in which R should be defined in terms of V in such 
manner as to fulfil our postulates, by the adoption of an additional condition on (%; V). A condition 
effective for this purpose would be: If p,--p,, then for every d there exists a p such that (pp,) <d, 


while (pp.) >d. 








Root: Iterated Limits in General Analysis. 131 


(%; ll; 7’), now definitely determined by the system ($; V), satisfies the pos- 
tulates of § 5. As to the significance of the general theory of Chapters II 
and III, in this special case, we give attention here only to a feature of exten- 
sible continuity. Let (%; V) be a system satisfying conditions (1) to (4) and 
let u be a function defined on the subclass $ of R. The function uw is uniformly 
continuous on ¥ if and only if for every e there exists a d, such that if 
(p,P2) S4,, then |u,, —4u,,| Se. 

In strict analogy with theorem XIII of § 17 we have 

Turorem XIV. If (%;V) isa system satisfying conditions (1) to (4), 
then a function w is uniformly continuous on a compact subclass ¥ of ® if and 
only if, with reference to the associated system (RB; U; 7), uu ts extensibly 
continuous on J. 


§ 10. A Class of Functions as Range of the Independent Variable. 


By the mediation of our definition of a system ($;U; 7) in terms of a 
system (¥%; V) our general theory is available for any class % of elements for 
which there is defined a voisinage, or an écart, which may be considered as a 
special voisinage. Among these classes J, is the class of all real-valued, single- 
valued functions that are uniformly continuous on a given interval of the real 
number system.* Our theory is equally applicable, however, to a class $ 
consisting of all real-valued, single-vaiued functions on a range absolutely 
unconditioned. 

Let & denote a class of elements k, concerning which no hypotheses are 
required. We consider a systemt+t (}; 11; 7) in which § is the class of all 
single-valued functions on & to %, Ul is the null class, and T is defined relative 
to a particular function o on & to %. Fora given function o the relation T 
is specified as follows: The relation ®? holds if and only if there exists a posi- 
tive number e such that # consists of all functions p, such that for every k 
|p1,— P| <el|o,|. This system obviously satisfies the five postulates of § 5. 
Since in this special instance the class Ul is not arbitrary, and since the system 
involves the arbitrary class ® and the arbitrary function o, the notation 
(®; 7; KR; 0) is adopted for a system of this special type. 

A necessary and sufficient condition that a sequence }p,} shall have the 
limit p, by definition 2, § 7, is: For every e there exists an m, such that, if 
n>n,, then |p,,—p,|<e|o,| for every k. If this condition is fulfilled, the 





* M. Fréchet, loc. cit., p. 36. 
+ We might just as readily set up a system ($; R) which would give rise to this system (P; U; 7’) 
by the process explained in §5, but the present plan is more direct. 
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sequence {p,} of functions is said to approach the function p relatively uni- 
formly,* the relativity being with respect to the scale functiono. Theorem IV 
of $7 now shows that a subclass R of ¥ is closed (definition 4, §7) if and only 
if every sequence of functions belonging to R that converges relatively uni- 


formly with respect to o converges to a limit functiont that is in R. For 


example, the class of all functions constant on & is closed; or, the class of all 
functions p such that a,< p,<a, for every k is closed. 

If we make the special hypothesis that @ is a subclass of a class ® for 
which there is defined a relation R so that (%; R) satisfies the postulates of 
§ 2, then, through the associated system of the type (R; U; 7’), the theory of 
Chapter III is applicable to functions p defined on &. With this restriction 
on & and the hypothesis that o is bounded on &, we have the following examples 
of closed subclasses # of }: 

1. The class of all functions p that are convergent at a given limiting 


element of &. 
2. The class of all functions p that are convergent to a given limit at a 


given limiting element of &. 

3. The class of all functions p that are continuous on &. 

4. The class of all functions p that are extensibly continuous on &. 

With the further hypothesis that (%; R) is the composite of two systems, 
(R’; R’) and (%"; R”), and that R = KR’ R”, where R’ and K” are subclasses 
respectively of %’ and $”, we have the further examples of closed subclasses 
of }: 

5. The class of all functions p such that, for a given limiting element 


L=U'l” of R, lim lim p,,, exists and is finite. 
k’—>l” k’->l’ 
6. The class of all functions p such that, for a given limiting element 


1=U'l” of & and a given number a, lim lim p,,. = a. 
kU! k’ > 

7. The elass of all functions p such that, for a given limiting element 
1=I'l” of &, there is (for each p) a function a on R”, convergent at 1”, such 
that lim p, = a (&”). 

k/—>l’ 

8. The subclass of 7 containing every function p for which the corre- 
sponding a has the limit a at 1”. 





* E. H. Moore, loc. cit., p. 29; also Atti del IV Congresso Internazionale dei Matematici (Rome, 
1908), Vol. II, p. 101. 

; A class of functions that is closed in this sense, for a given o, has the closure property Ce. 
“closed as to S,” used by E. H. Moore (“General Analysis,” p.37; and Atti, etc., p. 101), where ©, the scale 
class. contains the single function o. If there exiet positive real numbers a, and a, such that a, <|o,| <a, 
for every k, then closure as to ¢ is equivalent to closure under extension by adjoining the limits of all 
uniformly convergent sequences of functions of the class. Important instances in which this equivalence 
is not effective are furnished by classes of functions defined for positive integers and giving rise to abso. 
lutely convergent series (E. H. Moore, “General Analysis,” p. 38, as to MUl.; and Atti, etc., p. 102, as 


to Mill). 














Root: Iterated Limits in General Analysis. 133 


9. The class of all functions p such that for every k” p,. is continuous 
on §’. 

10. The class of all functions p such that for every k” p,, is extensibly 
continuous on §’. 

11. The class of all functions p continuous on & uniformly on ”. 

12. The class of all functions p extensibly continuous on & uniformly 
on ®”. 

The proofs that these classes are closed* may be made to depend on the 
general theorems of Chapter ITI in the same way that the theorems on sequences 
of functions in $15 are deduced from them. 

Dropping now the special hypotheses on & and o, we observe that 
theoremt+ VII of § 7 reduces in this case to the familiar proposition, “Every 
derived class is closed.” 

Consider a system (%;7;8;0) as defined above, where ® and o are 
arbitrary, and consider a function uw defined on a subclass % of }, finite for 
every p. The function u is uniformly continuous on $ if and only if for every e 
there exists a d, such that, if |p,,—p,|<d,|o,| for every k, then |u,—yp,,| <e. 
We have again the relation between uniform continuity and extensible con- 
tinuity : 

THeoremM XV. If $ is a compact subclass of a class % pertaining to a 
system (B; T; R30), then a function u is uniformly continuous on B% if and 
only if uw is extensibly continuous on $f. 

Note.—The investigations leading to the present paper were completed in June, 1911, and the manu- 
script left the hands of the author in April, 1912. These facts are offered in explanation of what might 
otherwise appear to be unwarranted disregard of certain recent contributions to the literature of this 
field. We have added foot-note references to papers by E. R. Hedrick, Transactions of the American 
Mathematical Society, Vol. XII (1911), pp. 285-294, and T. H. Hildebrandt, AMERICAN JOURNAL OF MATHE- 
MATICS, Vol. XXXIV (1912), pp. 237-290. At this point we should mention a recent paper by E. V. Hunt- 
ington, on “A Set of Postulates for Abstract Geometry, Expressed in Terms of the Simple Relation of Inclu- 
sion,” Mathematische Annalen, Band 73 (1913), pp. 522-559, which obviously has a strong bearing in the field 
of the present paper. Mention may also be made of a more recent paper by the present writer, “Limits 
in Terms of Order, with the Example of Limiting Element not Approachable by a Sequence,” Transactions of 
the American Mathematical Society, Vol. XV (1914), pp. 51-71, which pertains to the same general field, 


and in which relationships of various systems of postulates receive further attention. 
ANNAPOLIS, MD., February, 1914. 





* These classes, 1-12, have also the property “self-closure” defined by E. H. Moore, Atti, etc., Vol. II, 
p- 102, and designated simply as “closure” in “General Analysis,” p.37. Other properties of general refer- 
ence, i. e., properties defined for classege of real-valued functions in general, and therefore applicable to the 
classes here enumerated, are the five dominance properties, D, D,, D’,, D, and D, (“General Analysis,” 
p- 39). Classes }, 3, 5, 7, 9, 10, 11 and 12 have properties D, and D,; classes 2,6 and 8 have property D,, 
and, in case the given number @ which enters in the definition of each class is positive or zero, they have 
property D,, and property D’, in case @ is zero; and the class 4 has properties D, D,, D, and D,. 

; It is worthy of note that this general theorem, as applied in the special case now under con- 
sideration, is, by an application of theorem II, (b), of § 6, equivalent to a special case of theorem III, 
p. 52, of Professor Moore’s memoir on “General Analysis.” The special feature is, obviously, in the 
reduction of the scale class © to the single function ¢. 








Simply Transitive Primitive Groups Whose Maximal Sub- 
group Contains a Transitive Constituent of Order p’, or 
pq, or a Transitive Constituent of Degree 5. 


By Exuraseto Rutu BENNETT. 





If the maximal subgroup G, of degree n—1 of a simply transitive primi- 
tive group G of degree » contains a transitive constituent of degree 3, it is 
known that it must also contain another transitive constituent of degree 3 or 
6.* Similar restrictions on G, have been determined when G, contains a transi- 
tive constituent of degree 4.t| We proceed to consider restrictions that may be 
placed on the degree of G or on the transitive constituents of G, when G, 
contains a transitive constituent of order p? or pq, or a transitive constituent 
of degree 5. 

TueoreM I. If a transitive constituent of G, 1s of order p*, the degree of 
G is q*,q a prime. When k, the number of transitive constituents of order p? 
in G,, 1s odd, k =3, mod. 4, and q=2. When k=2, mod. 4, q 1s a prime of 
form 4n+3 and a is an odd number. 

All groups of order p’ are abelian and can be represented transitively only 
in regular form. Therefore the order of G, can not exceed p? and G, must be 
formed from the simple isomorphism of groups of degree and order p?.i 
G is then of class n—1 and of degree gq’, q a prime.§ 

The following relation must exist where k represents the number of 
transitive constituents of order p? in G,: 

kp? +1=q". (I) 

By considering (1) with respect to modulus 4, the remainder of the theo- 

rem is evident. 


TuHeorEeM II. If a transitive constituent of G, is of order pq, p and q 
primes, p>q, and the order of G,is pq, G, is formed from establishing a 





* Miller, AMERICAN JOURNAL OF MATHEMATICS, Vol. XXXV, p. 7. 

+ Bennett, AMERICAN JOURNAL OF MATHEMATICS, Vol. XXXIV, pp. 8, 9. 
t Miller, Bulletin American Mathematical Society, Vol. VI, p. 104. 

§ Frobenius, Berliner Sitzwngsberichte (1902), pp. 455-459. 
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simple isomorphism between groups of order pq. When the constituent of 
order pq is abelian, G is of degree r*, r a prime, and of classn—1. If the 
order of G, exceeds pq, G, must contain a transitive constituent of degree pq 
whose order is greater than pq, and, in case the constituent of order pq is of 
degree p, the order of G, must be q*p. 

When the order of G, is pq, G, is formed from the simple isomorphism of 
groups of order pq, for the order of G, is not divisible by the square of a prime 
number.* 

A group of order pq can be represented transitively only on pq or p let- 
ters, and, in case the group of order pq is abelian, the representation must be 
on pq letters. Therefore, if the order of G, is pq and the constituent of order 
pq is abelian, G.is of class n—1 and degree r*, ra prime. When the order of 
G, exceeds pq and the transitive constituent of order pq is regular, then G, 
must contain an additional transitive constituent of degree pg. whose order 
exceeds pg.t When the constituent of order pq is of degree p, the subgroup 
leaving a letter of the constituent of degree p fixed is composed of transitive 
constituents of order and degree g. G, must then contain a transitive con- 
stituent whose degree is pg and whose order is greater than pq.{ If the con- 
stituent of order pq is of degree p, the order of G, must be g*p,t for the order 
of G, is not divisible by p’. 

Corotuary I. If G, contains a dihedral group of prime degree p as a 
transitive constituent, the order of G, is 2*p. 


Tueorem III. When G, contains k transitive constituents of order 5, k an 
odd number, the degree of G is 2“ and k=3, mod.4. If k=2, mod. 4, the 
degree of G is q*, qg a prime of form 4n+3 and a an odd number. 


Since G, contains a transitive constituent of order 5, the order of G, is 5 
and G is of class n—1. The degree of G is then g*,q aprime. If the number 
of transitive constituents of order 5 is odd, 54+1 is even or 54+1=2° and 
k =3, mod. 4. Since 2 is a primitive root of 5, in order that the above equa- 
tion be satisfied a=40. If k= 2, mod. 4, 54+1=3, mod. 4, and in order that 
q* = 3, mod. 4, a must be odd and gq a prime of form 4n+3. 

TurorEM IV. If G, contains the semi-metacyclic group of degree 5 as a 
transitive constituent, G, must contain another transitive constituent of degree 
10 or 5 and the order of G, must be 2*-5. 





* Miller, Proceedings London Mathematical Society, Vol. XXVIII, p. 536. 
¢ Reitz, AMERICAN JOURNAL OF MaTHEMATICS, Vol. XXVI, p. 9. 
t Bennett, loc. cit., p. 6. 
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When the order of G, is 10, G, can be formed only from the simple iso- 
morphism of groups of degrees 5 and 10. If the order of G, exceeds 10, from 
Theorem II G, must contain a transitive constituent of degree 10, and the order 
of G, is 2°-5. 

Tueorem V. If G, contains the alternating group of degree 5 as a transi- 
tive constituent and the order of G, 1s 60, G, is formed from the simple iso- 
morphism of groups whose degree can be only 60, 30, 20, 15, 12, 10, 6 and 5. 
If the order of G, exceeds 60, G, must contain a transitive constituent of 
degree 20. The order of G, is 2*-3*-5. 


When the order of G, is 60, since the alternating group of degree 5 in sim- 
ple, the order of the other transitive constituents of G, must also be 60. The 
group of order 60 can be represented only on 60, 30, 20, 15,12, 10,6 and 5 
letters; therefore, only transitive constituents of such degrees may occur when 
G, is of order 60. If the order of G, exceeds 60, G, must contain a transitive 
constituent of degree 20, for the subgroup leaving fixed a letter of the alter- 
nating group of degree 5 is a primitive group.* Since the order of G, is not 
divisible by 5’, the order of G is 2*-3°-5. 

A theorem concerning the symmetric group of degree 5 may be stated 
which differs from Theorem V only with regard to the possible representations. 





* Bennett, loc. cit., p. 6. 











An Extension of Green’s Theorem. 


By Ipa Barney. 





§1. Rectifiable Green Fields. 


In the usual proof of Green’s theorem the functions must be continuous, 
and have at each point in the field of integration partial derivatives of the first 
order which are integrable over the given field. The field itself is assumed to 
have as a boundary a rectifiable curve, which is cut only a limited number of 
times by lines parallel to the axes. Other proofs* of this theorem have been 
given, in which the conditions on the functions are not so narrow, but all require 
the field of integration to satisfy the condition mentioned above. The proof of 
Green’s theorem given in this paper makes the theorem apply to a much larger 
class of functions than has been possible before, and also permits the field of 
integration to be cut an infinite number of times by each one of a certain set 
of parallels. 

For the sake of clearness, the definition of a line integral over any rectifi- 
able curve will be given, together with some other geometric definitions. 

Let «= X(t), y= Y(t) be one-valued continuous functions of ¢ in the 
interval Y= (a< 8). As t ranges over YW the point x, y will describe a con- 
tinuous curve C,,. If such a curve has no double points, it will be called a 
Jordan curve. <A continuous closed curve without double points will then be 
a closed Jordan curve. It has been proved that the necessary and sufficient 
condition for C to be rectifiable, 2. e., to have length, is that X(t) and Y(t) 
have limited variation. +t 

Let P’ and P” correspond to t=?’ and t=?” on the curve C. If t’<?t’, 
then we say P’ precedes P” and write P’ < P”. 





* M. B. Porter, “Concerning Green’s Theorem,” Annals of Math., Ser. 2, Vol. VII (1905), p. 1. 
A. Pringsheim, “Zur Theorie des Doppel-Integrals des Green’schen Integralsatzes,” Sitzungs- 
berichte der k. b. Akademie d. Wissenschaften zu Miinchen, Vol. XXIX (1899), p. 49. 
Heffter, “Zur Theorie der reellen Curvenintegrale,” Géttinger Nachrichten (1902), p. 115. 
J. Thomae, “ Einleitung in die Theorie der bestimmten Integrale.” 
W. F. Osgood, “ Lehrbuch der Funktionentheorie.” 
C. Jordan, “Cours d’Analyse,” Vol. I. 
+ Pierpont, “The Theory of Functions of Real Variables,” Vol. II, p. 583. Hereafter this will be 


referred to as Lectures, Vol. II. 


18 
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As ¢ ranges from a to B, C is described in the positive direction. 

If P’ on C corresponds to t=?’, and at ¢’ either X(t) or Y(t) has a proper 
extreme,* then the curve C will be said to have a peak at P’. 

Let C,, be a rectifiable Jordan curve defined by 

p= Fit); 9 =F), t ranging over 2 = (a< #).° 

A function f(x, y) is defined for each point of C,, and limited over C,,. 

Let A be a division of % of norm 6 into subintervals 6,, 5,,...., 8,.- 
Then to A corresponds a division D of C,, of norm d into ares l,,1,, ...., 1,. 


As C is continuous, d=0 with 6. 
Let a = (2°, y°), (v', y'), ...-, (a, y™) = b be the end points of arcs 


LL, ..--,1,. Let, be any point onl,. Then 
Soa f(%, y) da = lim & f(v,) (x'— a"), 
6=0 


Scarf (2, y) dy = him 2 f(v,) (y'—y""), 
when these limits exist. “ 
Functions for which both limits exist will:be called integrable functions 
over the curve C,,. A sufficient condition for a limited function f(z, y) to be 


integrable is that lim > a,/,=0, where ow, = osc f over are /, of C,,. 
6=0 


_ A set of parallels to the axes will be called a pantactic set, if any interval 
of either the a- or the y-axis is cut by at least one of these parallels. 

The field of integration considered in this section will satisfy the following 
conditions: 

1°. The boundary C is a closed rectifiable Jordan curve defined by 

a~=X(t), y=YVit), tin&=(a< £). 

2°, X(t) and Y(t) are functions such that, if A is a discrete set in Y, 

the image of A given by X(t) or by Y(t) is also discrete. 

3°. The points in 2% corresponding to peaks on C form a discrete set. 

4°. C has only a finite number of segments parallel to the axes. 

5°. C is cut by each one of a pantactic set of parallels in only a finite 

number of points. 
We call such a field a Green field and denote it by ©. 

We will denote by }, a pantactic set of parallels to the x-axis each of which 
cuts C only a finite number of times, and does not pass through peaks of C. 
¥, will denote a similar set parallel to the y-axis. We set }=¥,+,. That 
such a pantactic set exists, follows from 2°, 3° and 5°, since by 2° and 3° the 
projections on the axes of the peaks on C are discrete. 





* Lectures, Vol. II, p. 521. 
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It will be convenient at times to let $,, $, denote only the points of © on 
these parallels; in so doing no ambiguity will arise. 

A normal division D of norm d of a Green field & is a division of © made 
by a finite number of parallels of $, and of $,. Since $ is pantactic, d may be 
made to approach zero. 

TuroreM I. Let C be the boundary of a Green field ©. Let x=a, a parallel 
of %,, cut C in the points whose ordinates are a,<a,<....<4@,,. If ~<a 
for points on C immediately preceding P,=(a,a,), then z>«a for points on C 
immediately preceding P,,,=(a, 4,4), and conversely. 

We take P’=(2’, y’) on C preceding P,, so that: 

1°. Between P’ and P,, C does not cut x=a. 

2°. Dist (P’P.) <e. (1) 

The theorem will be proved for the case where v7’ <a. A similar proof 
holds where wv’ >a. 

Now let P” = (x",y”) bea point on C so that P,,, <P”, and between 
P,,, and P” there is no point of Conz=a. Also let dist (P,,,P,)<« (2) 

Suppose that « <a for points immediately preceding P,,,. Then x” >a 
for P”. 

Let C,,,,, denote the part of C from a, to a,,,, which does not contain 
the points P’ and P”. 

C,,.41, together with the interval (a,a,,,), forms a closed Jordan curve I, 
and divides the plane into two precincts,* R and L. (3) 

It will be proved later that P’ lies in one of these precincts and P” in the 
other. For the moment this will be assumed. P’ and P” can be joined by an 
are of C, which does not include C,,,,,. Call this are C’. C’ must intersect I, 
as P’ is in one precinct and P” inthe other. C has no double points, so C’ can 
not intersect C,,,,, and must cut the interval (a,a,,,). Therefore a,,, is not 
the next point to a,. This is contrary to the hypothesis. Thus 2>a for 
points immediately preceding P,.,. 

To prove P’ and P” are in different precincts, we take Q’ > P, and 
Q” < P,4:, 80 that: 

1°. Dist (Q’P,) and dist (Q” P,4,) < &. 

2°. C does not intersect =a between P, and Q’ or between Q” and P,,,. 
About P,,, and P, circles ¢, and ¢,,,, of radius p, can be drawn, so small that 
they will contain no points of C’,,,, except such as lie between P, and Q’ or 





* Lectures, Vol. II, p. 612. 
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between Q” and P,,,. Within (a,a,,,) take an interval A= (a,+ 7, 4,4:—7), 
n<p. Then 


a= dist (AC, 41) is > 0. (4) 
Starting with a,+ 7 as the first center, draw a series of equal overlapping 
circles ¢,, ¢,,.... with centers m,, m,,.... on A, with radius r<u. Finally, 


each point of 4 will lie in at least one circle. The number of circles required 
will be finite. Let it be m. 

a,+v7 is a frontier point of [; therefore c, contains points of both R and L. 
Since ¢, contains no point of C,,,,, as r<u, any two points of c, for which «>a 
can be joined by a curve not cutting [. Thus all such points belong to one 
precinct. The same statement is true for points of c,, where x<a. A point 
in c, as M for which x>a, and a point in c, as N for which «<a, can not 
belong to the same precinct, because then all points of c, would belong to the 
same precinct. Of the two precincts LZ, R introduced above, let Z denote that 
precinct to which the points in c, belong for which z <a. (5) 

Similar reasoning can be applied to each circle, since the centers are 
frontier points of [. This reasoning proves that in any circle all the points 
for which x <a belong to one precinct, and all those where >a to the 


other. (6) 
Some points of c, lie in ¢,, since <p. Let us take a set of points 
Poy Pi, ++++) Py for which w<a, and such that p, is in ¢, and ¢,, p, in ¢, and ¢, 


ete. Finally, p,, is inc, and ¢,,,. From (5), p, and p, belong to ZL. From 
(6), p, and p, belong to the same precinct. Thus p,, p,, p, are all in L. 

Continuing in this way, we can prove that all the p points belong to L. (7) 

Take a corresponding set q, 9,,----) Gm, for which x >a. Reasoning on 
these points as we did on the others, we can prove that they belong to R. (8) 

In @, there is no part of C,,,, for which «<a; therefore all points in ¢, 
for which x <a belong to one precinct. From (7), p, belongs to L; thus all 
points in Z, for which ~<a belong to L. 

From (1), P’ is in ¢, if e<p, and x2’<a by hypothesis. Therefore P’ 
belongs to L. 

Similarly all points in ¢,,, for which x >a belong to one precinct. From 
(8), g,, belongs to #; therefore all points in ¢,,, where 7 >a belong to R. 

From (2), P” is in ¢,4; if e<p, and we assumed that 2” >a. Thus P” 
belongs to R. 

Therefore FP’ and P” are in different precincts. 

Remark. A similar theorem can be proved for y= 8, any parallel of §,. 

We can now assume that the positive direction on C is such that, if (a,a,) 
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is the first point of C on x =a, a parallel of %,, then ~<a fe~ points on C 
immediately preceding (a,a,). For if this were not the case, the variable ¢ 
could be replaced by a new variable —t?. 

TueoreM II. Let C be the boundary of a Green field ©. Let x=a and 
y=B be parallels of %. Let y=B cut C in Q,, Q., ----; Qam, reckoned from 
left to right. Then y> for points on C immediately preceding Q,. 

Let S be a square containing &, and bounded by x= A, x=B, y=E, y=F- 
A<B,E<F. OnC, we take points V=(v,, v,) <Q, and W=(w,, Ww.) >Qom? 
so that: 

1°. Dist (VQ,) and dist (W Q,,,) < &. (1) 

2°. C does not intersect y= between V and Q, or between Q,,, and W. 
Suppose y <@ for points on C immediately preceding Q,. Then Theorem I 
shows that y> 8 for points immediately preceding Q,,,. Then 

w,< 68 and v, < 8. (2) 

Let C,.,, be the part of C from Q, to Q,,, not including V or W. 

We now take «=a so that s=a cuts y= £6 between the points Q, and 
Qom, and also v,<a<w,. (3) 

Let 4, be the segment of y= 8 from Q, tox=A. Let A,,, be the segment 
of y= from Q,,, to c=B. C,.,+4,+4%,, and the boundary of S where 
y < 8 make up the boundary of a precinct H. 

Let a, be the point of C,,,, on v=a nearest y=E. Let the segment of 
x=a from a, to y=E be t. 7c divides H into two precincts. That precinct 
which includes 4, in its frontier we will denote by L, and the other by R. Then 
V is in Z and W in R. 

To prove this, let us take P, and P,,,, two points on C,,,,,, so that Q, < P, 
and P,,,<Qem- Moreover, between Q, and P,, P,,, and Q,,, there shall be no 
point of C,.,, on y=. Let Ci,,, denote the part of C,,,, between P, and 
P Then 


- d, = dist (A,Ci.om), de = dist (A,Ci,._) > 0. 
About Q, and Q,,, draw circles c,, c, with radius r,<d,, 7,<d,,,. If e<r, 
V lies in c, and W in ¢,, from (1). 

Since c, contains no points of C;,,, all points of c, where y<@ must 
belong to L. But v,< 8, so V lies in L. Similarly we can prove that W 
lies in R. 

V and W can be joined by an arc of C not including C,,,,. Call this are 


C C,,, must intersect the boundary of LZ. C,,, can not cut the boundary 


vw* 


of S, or C,,5n, OF A,, OF A,,,; SO it must intersect t at some point a,. C,,, may 
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cut «=a in other points below a,, but in order to return to V in ZL, C,,, will 
have to cut «=a an odd number of times. Then Theorem I proves that >a 
for points immediately preceding (a, a,). This is contrary to the definition of 
the positive direction on the curve C. Thus the theorem follows. 
It is now necessary to introduce the idea of limited fluctuation.* 
Let P be one of the parallels of $,. Let D be a division of P of norm d. 
Let w,= ose f over the :-th interval on P. Suppose now 
max +o, < F, for any P of §,. (1) 
Let a be a discrete set on P. Let ©, =, over those intervals of D con- 
taining points of a. Let 
o, < Ma, for any line of §,, (2) 


where M is independent of P. 
When (1) and (2) are satisfied, f(z, y) has limited fluctuation with respect 


to y on §,. 

A similar definition holds for limited fluctuation with respect to x on =. 

Let the curve C be the boundary of a Green field ©. We effect a division 
D of norm d of C by taking points 

Cas Gavin ce (1) 
on it which satisfy the following conditions: 

If C has ne segments parallel to the y-axis, we will take the points (1) 
so that they lie on x=a,, v=a,, ...., parallels of $,, and such that each are 
C,C,,, has length < d. 

If C has segments parallel to the y-axis, we may suppose their lengths are 
all <d. For if the length of any such segment is >d, we may subdivide it 
The end points of these parallel segments also form a part of the division D. 

Let the parallels x =a, cut C in the points whose ordinates are 


ee oe ios ee, 4. 
We now prove Theorem ITI. 
TueoreM III. Let f (x,y) be limited and integrable over the boundary C 
of a Green field, and have limited fluctuation on ¥, with respect to y. Then 
lim ¥ (f (cs 05) —f (Ges G25) ] O2,= —Sof (ty) dz, (1) 


d=0 «tj 


where Ax, = 4,4, —4,. 
Using the notation in the beginning of this paper, 


=f (v,) (a — a) =Sof (%, y) da. (2) 





* A similar classification of functions is given in Lectures, Vol. II, p. 634. 
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For the sake of brevity let us set 6,=x'—2'~'. Three classes of points are 
to be considered. | 

(A) Where a, , and a, ,,, are consecutive points of D. Here 6,=0, so 
Sf (v,)6, is not affected by such terms. However, in general, 


f (a,, a, ;) so f (a,, A, 544). 
Let > = [f (a,, a,2;) —f (a, 4,2;-,)] Mu, for terms belonging to points of 
A tj 


class (A). Then 
|S|<PSAz,, (3) 
A A 


where P = max & osc f over any line of f,. 
P is finite, as f (x,y) has limited fluctuation. Since the intervals 2 Ax, 
contain the projection of the peaks of C, and this projection is a discrete set, 
2Ax, < &/2P, d<d'. 
From (3), , 
|= < ¢/2, d<d’. (4) 


(B) Points lying on vertical segments of C. Let m be the number of 
such segments. In the sum in (2) there are at most 2 m terms affected by 
these points. Denote their sum by =f (v,)6,. Then 

B 


JZ f(vw)el<e/4, d<a" (5) 


Let the sum of the corresponding terms in (1) be =. This contains at most 
B 


2mterms. Therefore ; ; 
|=| < &/4, c<€". (6) 
B 


(C) Where two consecutive division points of D lie on two consecutive 
parallels x=a,, ©=a,,,. The positive direction on C is such that <a for 
points on C immediately preceding (a,,a,,). Theorem I proves the same is 
true for (a,, a,.;-,), and also proves that x >a for points on C immediately 
preceding (a,,@,.;). Therefore, 

f (a, a, 9;) Ax, —_ of (v,) 8. 
f (a,, A, 93-1) Ax, — f (v,) 6. 
. Thus : 
|= EF (0) &—ZLP (ety 4,05) Pay 25-2) 1 4% SE] + 12) +1 EF (08 
¢) 


ie oe 
<g tat? from (4), (5), (6), 
<e, 6<5,, (7) 


where 8’, 8”, 8” >8,. 
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From (2), (7) comes (1). 
Remark. If x and y are interchanged in the preceding theorem, and if 
Theorem II is used, (1) becomes 


lim > [f (050.5 8;) —f(8;2.-15 8;)] Ay;= Sof (4, y) dy. 


In the Green field G, we take a discrete set A. Some cells of a normal 
division D of norm d of & will contain points of A. We will call this sum A,. 
A, will in general consist of one or more columns of cells parallel to the y-axis. 
The boundaries of these columns will be made up of lines parallel to the axes 
and parts of C. Let B, denote the parts of these boundaries which belong to C 
or are parallel to the z-axis. That is, B, is.the boundary of A, exclusive of the 


parts parallel to the y-axis. 
For the parallel x =a, of D which cuts B,, denote the points of intersection 


by 0.1<Su2<----<Q.om- In the next theorem, Theorem IV, the ¢’s will have 
the meaning defined above. 

Tueorem IV. Let f(x,y) be limited and integrable over the boundary C 
of a Green field &, and have limited fluctuation on 8, with respect to y. Then 


* [f (a,, canes) —f(a,, C..24) J Ax,=0 as d=0. (1) 
Let = A’x, be the sum of the projections on the a-axis of columns of cells 
belonging to A,, where >|¢,;—{,,;,,| > some positive number Z. Then 
| i 


lim = A’ x, = 0 for any fixed L. (2) 


a350 + 
For suppose the contrary; 2. e., 
> A’xz,>M>O0O for some L. 


Then area A4,>ML>0. This is contrary to the hypothesis that A is discrete. 
Let G, be the projection of G on the z-axis. Divide the columns of cells 


of A, into two classes according as 
(a) = | f (O15 S.23-1) —F (as S25) | Se/26,,  d<d’; (3) 
(b) = | f (G5 Si,25-1) —F (aus S23) | >e/26,, dd’. (4) 
Since f (2, y) has limited fluctuation, for columns of (b) = 18,5 Suit > some 


number L. For such columns of cells, from (2), 


SA'a,<e/2P, d<da’, (5) 


where P = max > oscf for any line of %,. P is finite, as f(z, y) has limited 
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fluctuation. Then the sum in (1) breaks up into two sums = and 3: 
a b 


|=Cf (a, 4) F(a; C.24-1) 1A, | >, G, max | f(a,, 23) —f (a; OTR | 
< &/2, d <d, from (3), 
|= CF (Os S28) f(a €.2j-1) JA, | <P'Az, < e/2, d < d, from (4), 


where d’,d” >d,. Therefore 
|= (f(a, G23) f(a, .0s~—1) ] Ae, < | = | + | = | <6, ad< d,. 


Remark. In the preceding theorem x and y may obviously be inter- 
changed. 
THeorEM V. Let 8 be a pantactic* set in the Green field ©. Let A be 
a discrete set in ©—®B. Let D be a normal division of © of norm d. Let 
d,,...+,d,, be cells of © containing no points of A. Let f (x, y) be limited and 
integrable over 8. Then 
lim & f (v,) d, = Sef (2, y) dB. (1) 


Let e,,...., €, denote the cells of G made by D. Let 3,,...., 6, denote 
the cells of G containing points of A. Then 


ye, =2d,+56,. 


By definition of an integral, 


[Sef (v,y)dB—Zf(vje|<e/2, d<d. (2) 
Also 
[=f (v,)e,.—Zf (v,) d,| <FX6, (3) 
where |f| < Fin ¥. Since 4 is discrete, 
|33,| <e/2F, d<d”. (4) 


From (2), (3), (4), 
Saf (v,y)dB—Sf (v,) d, | < &, d<d, 
where d, < d’, and d, < d”. 

TuroreM VI. Let ¥ be pantactic on each parallel of $,, and © on each 
parallel of %,, nm a Green field ©. Let B=$,—¥B and C=¥,—€ be discrete 
in two-way space. 

Then A= Dv (%, ©) is pantactic in G. 

Let D be a rectangular division of G. Let dbeacell of D. As B+C is 
discrete, and as %,€ are. pantactic, there exists in d a rectangle 6 which con- 
tains only points of $, belonging to 8 and points of $, belonging to ©. 





* Pantactic is used here in the sense defined in Lectures, Vol. II, p. 325. 
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Let 6, be the part of one of the parallels of %, in 6. Every point of 3, 
belongs to 8. The points on 6, through which pass lines of $, are pantactic. 
Moreover, each point on $, in 6 belongs to ©. Therefore, points of A which 
lie on 6, are pantactic relative to d,. Thus 6 and also d contain points of A. 
Since d is any cell of &, A is pantactic relative to ©. 

Tueorem VII. Let f(x,y) be limited and integrable over the boundary C 
of a Green field ©, and have limited fluctuations on ¥,, with respect to y. Let 


B be the set on $3, where f, = of exists. Let 8 be pantactic on each parallel 


dy 
of $, and let B=%,—% be a discrete set in &. Let f, be limited and integrable 
over 8. Then 
fof (x,y) da =—Sy SF av, ) (1) 
y 
Let D be a normal division of © of norm d. Let %, be the cells of D 
where /, exists on },, 7. €., containing no points of B. Let d; be a cell of %, 
one of whose sides lies on 2 =a, and has-end points (a,,7), (a,,4). Since f, 
exists for each point of (v,u) on x=a, by hypothesis, the law of the mean may 
be applied, and we have 
f (a,,4) —f(a,v) =f, (a,,%)(u—v), vSk Su. (2) 
If we do this for one side of each cell of %,, taking always the sides parallel 
to the y-axis, and add all the equations thus obtained, some of the terms on the 
left will cancel in pairs. For example, if (a,,7) is a point within %,, but at the 
corner of a cell d;, it will be both a yv point and a uw point. Considering d; 
we have 
f (a,r)—f (a2) =fe(a.,k)(r—n), 9 Sk Sr. 
Considering d;_, we have 
f (a,,”) —f (4,,4) =f, (a,, k;_,) (n—A), ASKS. 
When we add these two equations, f(a,7) drops out. In the sum obtained by 
adding equations of type (2), only terms involving points on the boundary of 2, 
will remain on the left. We call these & points, and denote those on «=a, by 
Beha -<£.- (3) 
These points are finite in number, as D is a normal division. Adding 
equations of type (2) and multiplying by A~z,, we get 
2 [f (a,, E. 93) —f (a,, E,j~1)] Ax, = = fs (a, k, ;) Au, Ay;. (4) 


Let «=a, cut C in the points a, ,<4,.< .... <A on. (5) 
Let B, be that part of the boundary of 6©—2%, which is not parallel to the 


y-axis. 
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let oo, ont BD, ie f,. . < Giese SE ya. (6) 

The & points are either { or a points; i. e., either on C or on B,. 

Suppose §,,=a,,. Then both k and s are odd or both even. Let k be 
even. Then, from (3), points near &,, but < &,, on x=a, belong to %,; and 
those near £, , but > &, ,on x=a,do not. As &,, is on C, these latter points 
do not belong to G, and the former do. Thus, from (5), s must be even. 
Similarly, s can be proved odd, when k is odd. 

Suppose now &,,=,,. If k is even, s is odd and conversely. Let k be 
even. The statement above holds in regard to points belonging to %,. Since 
£,, is not on C, points above &,, on x=a, must belong to G—Y%,. Then, 
from (6), s is odd. 

Thus the left side of (4) may be broken up into two sums, one containing 
terms involving ¢ points and the other containing terms involving a points. 
We have, therefore, 


. [f(a,, a, 95) —f(a,, Q, 95-1) J42,+2[7 (a, €..23-1) F(a, Gas) ] Az,=2+2. (7) 


If there exists a point 6 which is both an a point and a @ point, it is not 


on the boundary of %,; so the term f(a,, 6) does not appear in (4). 

Let 0=a,,=,,,- Reasoning similar to that used for the case where 
&, ,=4,,, shows that s and r are both even or both odd. Therefore, in (7) the 
term involving f (a,,6) enters twice, but with opposite signs; so (7) equals the 


left side of (4), no matter how many points like 6 there may be. Therefore, 


E+E=Ffe (ays k,,,) AB Ay. (8) 


(7) contains now all the terms involving a points for lines =a, of D and all 
¢ points. By Theorem III, 


S=—Sof (ay) da. (9) 
By Theorem IV, | 
= =0. (10) 
By Theorem V, o 
E fal day ky, Az, AY, Sg _ d&. (11) 


The theorem follows from (8), (9), (10), (11). 
Remark. If in the preceding theorem and demonstration x and y are 
interchanged and Theorem II is used, then (1) becomes 


Jog (ay) dy = fo 52 d6. (12) 
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We have, as a corollary of the foregoing, 
THeorEM VIII. Let A= Dv (B,C). Then, from (1) and (12) and 
Theorem VI, 
Q 0 
fol (av) de +9 (a y)dy\ =. {52—5"} aa (13) 


The relation (13) is Green’s theorem proved for a very general class of 
functions over a field which may be cut, by each one of a certain set of parallels, 
in an infinite number of points. This set may contain an infinite number of lines. 
The functions do not need to be continuous with respect to one variable on all 
lines in the field, but only on a certain set of lines $, or $,. The value of the 
function on lines not belonging to this set is of no consequence, provided the 
function is integrable over the boundary of the field. The derivative need not 
exist for every point on the lines %, or ¥,, but must exist for a sertain set, 
over which it is integrable. The derivative may exist for points in the field 
not on ¥, or $,. When this is true, the derivative may not be mineene over 
the whole field for which it exists. 

§ 2. Nonrectifiable Green Fields. 


Up to the present, line integrals have been defined only for rectifiable 
curves. If now we look at the relation (12) obtained in Theorem VIII, we see 
the right side has a meaning whether the boundary of © is rectifiable or not. 
Let us see, then, if it is not possible to extend our definition of a line integral 
so that the left side of this relation has a meaning when the curve C is not 
rectifiable. This can be done for a class of curves defined as follows: 

1°. C,, is a Jordan curve defined by 

a=X(t), y=Y (bt), tin&t=(a<). 

2°. A is a discrete set in UY having J as its image on C,,. 

3°. C,, is rectifiable except in the vicinity of points of J. 

By 3° is meant the following: Let A be a division of 2 of norm 6. As A 
is discrete, if 6< 6, there are intervals containing no points of A. Let their 
sum be %,, and let C; be the part of C,, corresponding to %,. Then C, is 
rectifiable for each 6<6,, but C,, is not rectifiable. 

An example of such a curve is 


gant y=tsine, 0<t<1, 
=10, t=0. 


This curve is rectifiable except for the point ¢ = 0. 
The set Z will be called the singular points of the nonrectifiable curve C,, 
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Let f(z, y) be defined and limited over C,,. If f(z, y) is integrable over 
C; for each 6 <6,, f (2, y) is said to be regular over C,,. 
Let f(x, y) be regular over the nonrectifiable curve C. If 


lim So, f (", y) dx and lim So, f(",y) dy 


exist, these limits are denoted by 


Scarf (%,y) da and So,,f(%,y) dy. 
If both limits exist, / (x, y) is said to be integrable over C.,,. 
A field G whose boundary C satisfies the following conditions will be called 
a nonrectifiable Green field. 
1°. C is a closed Jordan curve defined by 
a@=X(t), y=Y(t), tinAt=(a<8), 
and rectifiable except for a set J whose images on the axes are 
discrete. 
2°. For any C,; the corresponding functions X;(¢) and Y;(¢) are such 
that, if A is a discrete set in %,, the image of A given by X;,(t) 
or by Y;(¢) is discrete. 
3°. The points at which either X (¢) or Y (¢) has a proper extreme form 
a discrete set in 2. 
4°. C has only a finite number of segments parallel to the axes. 
5°. C is cut by each one of a pantactic set of parallels in only a finite 


number of points. 
Let f(x,y) be regular over the nonrectifiable boundary C of a Green field G, 


and have limited fluctuation on ¥,, with respect to y. Then f(z, y) will be called 
a normal function of © with respect to y. A similar definition holds for a 


normal function with respect to 2. 
Tueorem IX. Let f(x,y) be a normal function of the nonrectifiable Green 


field © with respect to y. Let B be the set on %, where f, = gf exists. Let 
y 
B=%,—8 be discrete. Let f, be limited and integrable over 8. Then 


fof (a, y)da=— SoS! dB. (1) 


Let J, be the projection of the singular points of C on the z-axis. I, is 
discrete by the definition of a nonrectifiable Green field. Let D be a normal 
division of © of norm d. Let us look at the columns of cells parallel to the 
y-axis, which contain no points of J. In each of these columns, there is one or 
more partial fields of G. These are finite in number, as D is a normal division. 
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Let these fields be G,, G,, ...., G,,, with boundaries 2,,2,,....,2,. Let %, 
be the part of 8 in G,. 
Each ©, satisfies the conditions of Theorem VII; therefore 


IF (a9) da= Sa, 5/ a,. (2) 


Let 1, be the part of A, belonging to C. For the rest of 4,, da =0, since 
it is parallel to the y-axis. Thus 


§,, f(t, y) da=S§, f(x,y) da. : (3) 
Let 8, = =8,, C,=5i,. From (2), (3), 


fafleside=— fa! a%,. (4) 


fa. 5 6 Ara fa gl ad" (5) 
Therefore lim §o,f (",y) da exists. Then, by definition, 
: lim So, f (2, y) d@ = Sof (2, y) de. (6) 
Therefore {, f («, y) dz =—Se sf d%, from (4), (5), (6). 
Remark. If x and y are interchanged as has been done before, (1) becomes 
fo9 (ty) dy = SoS 2a6. (7) 


As a corollary of the preceding, we have 
TueorEM X. Let A=Dv(¥%,C). Then 


Solf(%,y)da+9(a,y)dy}= s.[$2— 5. | aa. (8) 
(8) follows at once from (1) and (7). 





* Lectures, Vol. II, pp. 55, 60. 











On the Asymptotic Solutions of Linear Differential Equations. 
By Ciype E. Love, . 





Asymptotic developments for the irregular integrals of a linear differen- 
tial equation have been obtained by Horn,* provided that the coefficients of the 
equation are themselves developable in asymptotic (or convergent) power series 
in the vicinity of the irregular point in question, and provided also that the 
roots of the so-called characteristic equation are distinct.t The important 
special case in which the point is a regular singular point} of the differential 
equation has been studied by Bocher§ for the equation of second order, and 
later by Dunkel|| for the equation of arbitrary order. But no discussion of 
the general problem including the various cases.of repeated roots has as yet 
been attempted. 

By way of approach to the general solution it seems worth while to con- 
sider in some detail the cases of repeated roots for various equations of special 
orders. Such a study is undertaken in the following pages. We restrict 
ourselves, for simplicity, to equations of the second and of the third order, the 
method used being applicable at once to equations of any order. The irreg- 
ular point is taken at infinity, and only real values of the independent variable 
are considered. 

In point of method, we make use of two general theorems arising from 
Dini’sJ researches in the theory of linear differential equations. The state- 
ment of these theorems, with an outline of their proof, is to be found in Sec. I. 

The equation of second order forms the subject of Sec. II. Although the 
researches of Horn,** Kneser,t++ Bocher ¢} and others leave less to be done 





* Journal fiir Mathematik, Vol. CXXXVIII (1910), pp. 159-191. 

+ Horn has published several papers on this case of distinct roots. Important contributions have 
also been made by Poincaré, Kneser, Birkhoff and others. 

{The term “regular singular point” has here the meaning which is assigned to it by Bécher. Cf. 
Transactions of the American Mathematical Society, Vol. I (1901), pp. 40-52. 

‘§ Bocher, loc. cit. 

|| Proceedings of the American Academy of Arts and Sciences, Vol. XXXVIII (1903), pp. 339-370. 

qAnnali di Matematica, Ser, 3, Vol. II (1898), pp. 297-324; ibid., Vol. III (1899), pp. 125-183. The 
possibility of applying Dini’s methods to the problem in hand was suggested to me by Prof. W. B. Ford. 

** Acta Mathematica, Vol. XXIII (1900), pp. 171-202. 

tt Journal fiir Mathematik, Vol. CXVI (1896), pp. 178-212; ibid., Vol. CXVII (1896), pp. 72-103; 
ibid., Vol. CXX (1899), pp. 267-275. 

tt Bécher, loc. cit. 
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upon this equation than upon those of the third and higher orders, it is believed 
that the discussion, from the standpoint of the Dini theory, is of sufficient inter- 
est to warrant its insertion in condensed form. We begin with a brief treat- 
ment of the case of distinct roots. While the results for this case are not 
new, it seems best to exemplify the method by applying it first to this simple 
problem, so that in the subsequent discussion of more complicated cases many 
details may be omitted. For the equation under consideration, the only case 
of repeated roots that offers any difficulty is that in which the point at infinity is 
a “regular” singular point, and this, as noted above, has been studied by Bocher. 
However, on account of his more general hypotheses he does not obtain an 
asymptotic solution in Poincaré’s* sense, but only the dominant term of such 
a solution, so that the present results are a step in advance. 

Questions of more interest arise in connection with the equation of third 
order, which is discussed at length in Sec. III. This discussion, when compared 
with that for the equation of second order, is of distinctly greater moment, not 
only because the results possess greater novelty, but because the methods used 
are much more suggestive in pointing the way toward a solution of the general 
problem. This is especially true of the case in which the characteristic equation 


has a simple and a double root. 
I. Two GeneraL THEorREMS on LingEaR DIFFERENTIAL HQuations.t 


Suppose that, in the differential equation 


y™+a,(Z)y*-P+....+a,(%)y=0, (1) 
the coefficients a,(z), ....,a@,() and their first derivatives are continuous 
for all positive values of sufficiently large. Let us choose n auxiliary func- 
tions 2,, 2, ----, 2, of 2, which, with their first n derivatives, are continuous 
for large positive x, and such that for the same values of x the determinant 

Aa aoe er 
Coe eas a 

iy ee (2) 
nen Nil 








never vanishes. Let A,(x) denote the minor of Q(x) with respect to the ele- 
ment 2*-”. Also define 


Z,(2) =2,0,-— (2,,—-1)'+ seeet (<%)°"* (z,a,) om) 4 (—1)*2™, (3) 


7) ee 





* Acta Mathematica, Vol. VIII (1886), p. 296. + Cf. Dini, loc. cit. 
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and form the determinant 


g,(@) a(2) .... & (a) Ze) 
wn (4) 
a.(v@) &(@) «.... 2e7%(@) Ze) 








Let C,, denote an arbitrary constant, and place 








K (a, a) = Ve) , (5) 
9,(2) = Us, o(%) =U,,9(%) = NG ? r=l, ea eeyg N, 


U,,,(%) = f5 fe... fP—-§H—-1 K (a, vw) (a,, %).... 
K (a,_2) 1) K (4,15 %) 9, (4) da,da,_,... dad, ,f (6) 
Vp, a(@)=Ie Se, ~~» $5, hag h (% MM (Ais %) - «'-2 
K (a, 2, ©—1) K(%,_1 5 %)9,(%,) da,dx,_,....da,dx, i 





Then we have 


TueroreM A: If a constant a can be found such that for all values of x>a 
the series 


y(t) = & mW, (2) 


satisfies the following conditions: 
(a) the series converges; 
(b) the series defines a function y,(x) such that the series for y,(x,) when 
multiplied by q(x, x,) may be integrated term by term with 
respect to x, froma to 2; 
then for such values of x the function y,(x) is an integral of (1). 


THeorEeM B: If for values of x greater than some constant, the series 
Y-(%)= 2% %,,a(@) (7) 


satisfies the following conditions: 
(a) the series converges; 
(b) the series for y,(x,) when multiplied by q(x, x,) may be integrated 
term by term with respect to x, from x to w ; 
(c) the series defines a function y,(x) such that each of the integrals 


Sey (v)Z,(x)da, s=1,....,0, 
has a meaning; 
then for such values of x the function y,(x) ts an integral of (1). 
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We have, as a corollary of the foregoing, 
THeorEM VIII. Let A=ZDv (B,C). Then, from (1) and (12) and 
Theorem VI, | 


fol Maude +9 (ey)dy\=a{52—5/ haa, (13) 


The relation (13) is Green’s theorem proved for a very general class of 
functions over a field which may be cut, by each one of a certain set of parallels, 
in an infinite number of points. This set may contain an infinite number of lines. 
The functions do not need to be continuous with respect to one variable on all 
lines in the field, but only on a certain set of lines }, or $,. The value of the 
function on lines not belonging to this set is of no consequence, provided the 
function is integrable over the boundary of the field. The derivative need not 
exist for every point on the lines }, or }%,, but must exist for a certain set, 
over which it is integrable. The derivative may exist for points in the field 
not on }, or $,. When this is true, the derivative may not be integrable over 


the whole field for which it exists. 
§ 2. Nonrectifiable Green Fields. 

Up to the present, line integrals have been defined only for rectifiable 
curves. If now we look at the relation (12) obtained in Theorem VIII, we see 
the right side has a meaning whether the boundary of © is rectifiable or not. 
Let us see, then, if it is not possible to extend our definition of a line integral 
so that the left side of this relation has a meaning when the curve C is not 
rectifiable. This can be done for a class of curves defined as follows: 

1°. C,, is a Jordan curve defined by 

x=X(t), y=Yit), tin ad=(«< @). 

2°. A is a discrete set in 2 having J as its image on C,,. 

3°. C., is rectifiable except in the vicinity of points of J. 

By 3° is meant the following: Let A be a division of 2 of norm 6. As A 
is discrete, if <6, there are intervals containing no points of A. Let their 
sum be %,, and let C; be the part of C,, corresponding to U%;. Then C, is 
rectifiable for each 6<6,, but C,, is not rectifiable. 

An example of such a curve is 


e=t, y=tsine, 0<i<l, 
==, ~t=0. 


This curve is rectifiable except for the point ¢ = 0. 
The set J will be called the singular points of the nonrectifiable curve C,,,. 
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Let f(z, y) be defined and limited over C,,. If f(z, y) is integrable over 
C; for each 6 <6,, f(x,y) is said to be regular over C,,. 
Let f(z, y) be regular over the nonrectifiable curve C. If 


lim So, f(#, y) da” and lim So, f(z, y) dy 
exist, these limits are denoted by 


Soul (%,y) da and So,, f(x,y) dy. 


If both limits exist, {(z, y) is said to be integrable over C,,. 

A field © whose boundary C satisfies the following conditions will be called 
a nonrectifiable Green field. 

1°. C is a closed Jordan curve defined by 

~=X(t), y=Yi(t), tin&=—(a<£), 
and rectifiable except for a set J whose images on the axes are 
discrete. 

2°. For any C; the corresponding functions X;(¢) and Y;(¢) are such 

that, if A is a discrete set in %,, the image of A given by X;(t) 
or by Y;(¢) is discrete. 

3°. The points at which either X(t) or Y (¢) has a proper extreme form 

a discrete set in 2. 

4°. C has only a finite number of segments parallel to the axes. 

5°. C is eut by each one of a pantactic set of parallels in only a finite 

number of points. 

Let f(x,y) be regular over the nonrectifiable boundary C of a Green field 6, 
and have limited fluctuation on %, with respect to y. Then f(x,y) will be called 
a normal function of © with respect to y. A similar definition holds for a 
normal function with respect to 2x. 


Turorem IX. Let f(x,y) be a normal function of the nonrectifiable Green 


field © with respect to y. Let 8 be the set on $, where f, = gf 
B=,—% be discrete. Let f, be limited and integrable over 8. Then 


exists. Let 


fof (2, y)da=— Sa 5 aX, (1) 


Let J, be the projection of the singular eal of C on the z-axis. I, is 
discrete by the definition of a nonrectifiable Green field. Let D be a normal 
division of © of norm d. Let us look at the columns of cells parallel to the 
y-axis, which contain no points of J. In each of these columns, there is one or 
more partial fields of ©. These are finite in number, as D is a normal! division. 
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upon this equation than upon those of the third and higher orders, it is believed 
that the discussion, from the standpoint of the Dini theory, is of sufficient inter- 
est to warrant its insertion in condensed form. We begin with a brief treat- 
ment of the case of distinct roots. While the results for this case are not 
new, it seems best to exemplify the method by applying it first to this simple 
problem, so that in the subsequent discussion of more complicated cases many 
details may be omitted. For the equation under consideration, the only case 
of repeated roots that offers any difficulty is that in which the point at infinity is 
a “regular” singular point, and this, as noted above, has been studied by Bécher. 
However, on account of his more general hypotheses he does not obtain an 
asymptotic solution in Poincaré’s* sense, but only the dominant term of such 
a solution, so that the present results are a step in advance. 

Questions of more interest arise in connection with the equation of third 
order, which is discussed at length in Sec. III. This discussion, when compared 
with that for the equation of second order, is of distinctly greater moment, not 
only because the results possess greater novelty, but because the methods used 
are much more suggestive in pointing the way toward a solution of the general 
problem. This is especially true of the case in which the characteristic equation 
has a simple and a double root. 



























I. Two GeneraL THEorEMS on Linear DIFFERENTIAL EqQuations.t 


Suppose that, in the differential equation 


y™ +a, (a)yoO+....+4,(%)y=0, (1) 
the coefficients a,(”), ...., a,(”) and their first » derivatives are continuous 
for all positive values of x sufficiently large. Let us choose » auxiliary func- 
tions 2,, 2, .---, 2, of x, which, with their first » derivatives, are continuous 
for large positive x, and such that for the same values of x the determinant 


(6s 
© ass 

TE asssvearonaneniaais (2) 
. & ‘sia 








never vanishes. Let A,(x) denote the minor of Q(x) with respect to the ele- 
ment 2—». Also define 
Z,(&) = £,0,-— (2,0,-,)’+ be Ns “+ (—i)y"" (2,d,) sil (—1)*2, (3) 


‘inn eee 





* Acta Mathematica, Vol. VIII (1886), p. 296. } Cf. Dini, loc. cit. 
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and form the determinant 


2,(%) 2a(%) .... 2-9 (%) Z,(a,) 
wo ee (4) 
aia) 2(@) .... 2°"(a) 2,(a,) 








Let C, denote an arbitrary constant, and place 





K (a, m, x ej %,) ? (5) 


9,(%) =U,, 9(%) =, 9(%) = Sg r=1, SSS nN, 


tH, (2) = fS [s... .§-M-2 E (a, w,)E(a,,.%).--- 
K (2, %—1) K (%,~1, Uy) 9,(%) da,dX%,_,....dx,d%,, f (6) 
@,..(#) =f, f,,---- ff, Sm, %)- +. 


K (2,2, ®a—1) K (X%y_1 » Xr) G,(%,) da,dx,_,....dxdax, ‘ 





Then we have 


THEorEM A: If a constant a can be found such that for all values of x>a 
the series 


y, (2) — = U,, a(x) 
A=0 


satisfies the following conditions: 
(a) the series converges; 
(b) the series defines a function y,(x) such that the series for y,(x,) when 
multiplied by q(x, «,) may be wmtegrated term by term with 
respect to x, from ato a; 
then for such values of x the function y,(x) is an integral of (1). 


TuerorEM B: If for values of x greater than some constant, the series 


y,(2) = & v,,r(2) (7) 


satisfies the following conditions: 
(a) the series converges; 
(b) the series for y,(“,) when multiplied by q(x, x,) may be integrated 
term by term with respect to x, from x to o ; 
(c) the series defines a function y,(x) such that each of the integrals 


(2 y,(2)Z,(x) da, | re 
has a meaning; 


then for such values of x the function y,(x) ts an integral of (1). 
20 
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To prove Theorem B, place 


Ps,0o—*s ? 
, , 
D5, 1% 54) —2% 3 = 2,0, — 





Po, n—1= 2 8n—1 Po, 0-2) s=1, 2, 2 8.0 28 #5) 
®, (x) =§7y,Z,dt, i ee a) a © 
®, (x) =S7y,4,dx+C,; : 

a eae ®, (x) 


A,(%) = 





A(z) = 








Now by condition (c) the series (7) may be written 
Y(&) =9,(%) +5S2Y,(%,) K (a, &,)da,. 
By substituting the values of g,(x) and K (a, x,) in (9), we find 
_ A,(%) 
Y; (x) ss A(2) ? 

so that it suffices for our proof to show that this function is an integral of (1). 

To do this, consider the system of m functions %, 7,, ..--, %,—,, each 
defined for all values of x sufficiently large by means of the following system 


of » linear equations: 
Po 0%a—i TP, 1Ma—at ++ +> FD. 0—-1%= 2, (2); enzlg,....:5%  @®) 


We have at once 
_A,(#) _ 
N= A(a) =Y,;. (11) 


Upon differentiating equations (10) with respect to 2, and making use of (8) 
and (11), we find 

20+ ps 9,4+D:, 9+... +05, .—-29,-,=0, i (12) 
where 


0 =ny-1+4,(%) Maat. +--+ O,—1(@) no +4,(%) nN, (13) 
6,=%n—1—Nn—2 i] 


0,=%,-2—Nn—ss (14) 
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The system (12) consists of m homogeneous linear equations in the n 
quantities 6, 0,, ....,6,_,. By virtue of the relation 


Ds, s=2,%,41—Dy, 419 Sack, 2 ...s «5 05. OonQ, 1, ...., od, 
the discriminant of the system reduces at once to (—1)"~'Q(x), and hence by 
our hypotheses does not vanish for any value of x under consideration, whence 
6=6,=....=06,_,=), 
or, by (11) and (14), 
7,=y, i. er 
Substituting in (13), we find 


Y +a,(x)ye-M+....+4,(%)y, =0, 
which was to be proved. 
The proof of Theorem A follows similar lines, and may be omitted. 


Il. Tue Equation oF SECOND ORDER. 


In the differential equation 
y” +a(x)y’+b(a)y=9, (15) 
suppose that for sufficiently large positive real values of x we may write 


os 


a(x) ~a* Sats ae : 


b (x) ~ax* b+ Bo , 


— 








k being 0 or a positive integer, and suppose also that a’(x) has an asymptotic 
development. 
1. Distinct Roots. 

Consider first the case in which the roots m,, m, of the characteristic 

equation 
m+am-+b,=0 

are distinct. 

Let us choose two auxiliary functions 2,(x), 2,(”) (ef. See. 1) of the form 








Z,= Ee FO tor @y— aro, fx], 2. (16) 
where 
k+1 k k—-1 
f(a) = eae + Sete + Seba +++ FO, 1%, 
and 
—_ Or 1 1 Ape Gr, s—1 
9, (2) = x * 2a? 5 aed (s—1)a*—"" 
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The undetermined coefficients a,_,, ...-, @,,,-, and the arbitrary integer s 
will be selected presently. 
Upon forming Z,(z) as given by (3), we find * 


Z,(v) =2,0* [Se Sr ni Satis + Set P,,,(2) | faci, 2. 


in which ¢,,,%,.0, «+++» Sps4+, are certain easily determined functions of a, _,, 
ee 
Now let us place 
¢,.1= Sra -—.—n 1 e+k—-1=9, bn eth (—1)"(m,—™m,), r=1, 2, 
and determine the coefficients t+ a, _,, ....,@,,,-, by means of this system of 
equations. Under our present hypotheses the equations can always be solved, 
and the functions 2,, 2, thus determined will be unique. Let our notation be 
such that ¢ 
Rif, (x) ISRIUP, (x) 1, 

when ~ is sufficiently large. 

Put 

A, pA, 9=A, a,,o—k=9,, f,(@) +f.(%) =f (x). 

Then we may write, by (4), (2), (6) and (5), respectively, 


2 
q (a, x,) = OM gre SP, (wea, Py, (21), 


Q (x) = (m,—m,)eTa-*t*P, (x), 
C.(—1)" se 
9,0) = AY ehiamP,.(2),  r=1, 2 
2 
K (a, @) = 3 ear, (ae a" P, (a). 
r=1 
An arbitrarily large integer p having been fixed, let us choose s so large 
that 
S>pt+2+2| a, 9] +2|o,01 5 
also take C,=(—1)"(m,—m,) and form the function v,,,(%) occurring in 
Theorem B. Then the function y, of that theorem takes the form 





* Throughout the present work the symbol P(«#) (generally written with subscripts) denotes a func- 


tion expressible in the form 
P(#)=1+ A: 7 | Aptép(@) , lim e,(2)=—0, 
HY xP t= 
p being an arbitrary integer. 
+ As s0On 8 dj,9, d2,9 are determined, s is selected to fulfil a condition pointed out later. 


t+ Throughout the work, R[x] denotes the real part of a. 
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W=PrOweP, ,(z) + pe V,,(&). 
A=1 


Upon recalling the way in which s was chosen, together with the fact that 


Rf, (~) —f,(") 10, 
it appears that the function | K(x, x,)g,(z,)| is a monotonically decreasing 
function of x,, whence 


Sry, |K (M1, 4) 9 (2p) | da, < | K (a1, %~1) 91 (4-1) | <4 | AM —PapeGe |. 
Further, 
fs | a | K (a9, 2-1) | K (a1, I) 9, (X,) | dx,da_, <4? | ef @r—2) hr 2 +2) }. 


Proceeding in this way, we find that 








4* 
ls, (x) | < (p+1)*ereoty jee@ar|, 
and therefore that 
= 8 1 
=, [Va (x) ] < p+1 pti eh@ar |, (17) 














when x is sufficiently large. This inequality being established, it follows very 
readily that all the conditions of Theorem B are satisfied, and hence the func- 
tion y, is an actual solution of (15). 

As a consequence of (17), we may write 


H=PrMaeP, (a), (18) 
and therefore 
yw eh @ars [1+ £us Be a |. (19) 


It is not difficult to show that y; and y; also possess asymptotic developments, 
which may of course be found by differentiating (19). 
Now if R[f,(~)]=R[f,(z)], we may write at once by the same argument 
Yy, =e aP, . (2). (20) 
If, however, R[f,(7)]<R[f,(x)], the argument fails, since some of the 
improper integrals in v,,,(z) cease to have a meaning. To obtain a solution 
in this case, it will be convenient to revise our system of auxiliary functions, 
and then apply Theorem A. 
In the adjoint equation 
2” —(az)’+be=0, (21) 
corresponding to (15), the coefficients satisfy all the hypotheses of this section. 
Thus (21) has a solution Z, of the form (18), which is found by direct compu- 
tation to be 
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Z =e —h@g—eneP, (2). 
In the system (16) let us replace 2, by this function z,, thus making Z, (2) =0. 
With this change we find that 
K (a, x,) =neh@gaP. (x) e~f@dgrn—*P ; (z,) , 


while g,(2) is in essentials unchanged. 
Now form the function u,,,(z) of Theorem A. Then by that theorem we 


find 


y= eh gnP, (2) + & Us,,(%). 
As! 


Now upon recalling that 


Rif, («) —f.() 1 <9, 


we see that, if a be chosen sufficiently large, 





: ;. #4... 
= lta, (x) ] <— pti ° pri ef26 mpP ; 


whence both the conditions of Theorem A are satisfied, and y, is a solution of 
(15). It may evidently be expressed in the form (20). 


2. Equal Roots. 
To consider the case m,=™m, it will be convenient to reduce the differen- 
tial equation to the form 
y" +b (x)y=0. (22) 


Now if m,=m,, we must have either 


b(a)~a[ + +... |, b 0, (23) 


b(a)~ 22 + 2 + (24) 


When b(z) has the form (23), we may reduce the problem to the case of 
distinct roots by merely introducing* t=! as a new independent variable. 

It remains only to study the case in which (24) holds. Here the point at 
infinity is a regular singular pointt of the differential equation, so that the 
problem is closely related to that solved by Bécher.t Hence only the briefest 
of discussions is necessary. 





*Cf. Kneser, loc. cit. (third paper), p. 275. ¢ Cf. Bécher, loc. cit. 
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Let us choose two auxiliary functions 


Q,—4 
gs} 





? 


2,= a" ae ee 








2 = as 146: +....+ Bon + Bz, log 2, 


and determine the constants by the use of Z,(x) and Z,(z), as in the case of 
distinct roots. We find B+0 whenever p,=p,, and, in general, also when p,—, 
is a positive integer, but otherwise B=0. By use of Theorem B we may 
obtain the asymptotic forms of two independent solutions y,, y, of (22). The 
developments are of course formally identical with those obtained when the 
point at infinity is a regular point in the sense of the Fuchs theory. 

The results for the equation of second order may be summarized in 


THeEorEM I: In the differential equation 
y” +b(x)y=0, (22) 
suppose that b(x) is a real or complex function developable asymptotically, 
for large real positive values of x, in the form 


b(2)~a%| by E+... |, 


where k is 0 or a positive integer. Then, for the same values of x, equation 
(22) possesses two linearly independent solutions y,, y, such that 
(a) if b=0, t. e., if the roots m,, m, of the characteristic equation 
m?+b,=0 are distinct, we may write 


Y wer arr [1+ Bus +... .} r==1, 2, 


where 


a. ee? | ae ; 
f,(v) = bi + i +....+a, _.%3 


(b) if b,=0, 6,0, we may write 
A 1 B 
fr(2) Pr rl f,1 — 
y,~wel uP [1+ Ps +...-+4(B, o+ +...-)], gui, 2, 


x 








where 


Ga * . at” a, 23 
f(z) = r,—2k—1 + T,—2k +....4+ ~~ ; 


k+4 k 
(c) if k=b,=b,=0, we may write, in general, 


y~o i444... ], wuss Bs 
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(d) but if p,=p, or, in general, if p,—p, is a positive integer, we have 
—~a" [1+ 4 A, 1 +. soll 
Y2~Y, log o+an| A 2, i Ass ta. lp 


III. Tue Equation or Tuirp OrpDER. 


Take for consideration a differential equation of the third order, which 
we shall suppose reduced to the form 


y"’ +b(x)y’+e(x)y=0. (25) 
Let b(x) and c(x) be developable, when ~ is large, in the form ' 
b (x) ~ax** bt et... ; 
C(x”) ~ax* Gtot.... . 








and suppose that b’(x) also has an asymptotic development. 
If the roots m,, m,, m, of the characteristic equation 


m+ bm+c¢,=0 
are distinct, the asymptotic solutions are well-known.* We therefore pass at 
once to the cases of multiple roots. 
1. A Simple and a Double Root. 


Suppose first that two of the roots are equal—say m,4-!m,=™m,. 
Let us select three auxiliary functions 








2 =e fr@) +or@)a— aro, r=, 2, 3, 
in which 
_ ae 2 oi , aa a, a 
f(«2)= k+1 +{- k+4 eg es 
oes 9 O, 2s—2 
,(x%) = at : ts la 


Upon forming Z,(x), we find that 





Z,(2) =e | Sp 4 Sea 4... 4 Suarteecs 4 Samet p, (at) |, r=1,2,8, 


G19 + +++) Sr o949, being certain easily formed functions of the undetermined 
constants in /,(z) and $,(%). 





*Cf. Horn, Journal fiir Mathematik, Vol. CKXXVIII (1910), pp. 159-191. The results are easily 
obtainable by the present theory. 
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Let us try to determine these constants by placing 


C.1= tee. = 6, setsp—1 = 0) be se+20= 9,1 (27) 


the constants 0, being for the present unspecified. Inspection of the equations 
thus formed shows that the function z, corresponding to the simple root m, 
is always determinate, and that the same is true of one of the other auxiliary 
functions, say 2,. In determining 2, by (27), difficulty may arise. Suppose 
that the first h coefficients of z,, as given by (27), coincide with the correspond- 
ing ones in 2,, h being 0 or some positive integer. If h<2k, 2, may be deter- 
mined by (27). If h=2k+41, there is no difficulty unless the difference 
A; 9>—, 9 iS an integer, in which case the equations in general become illusory. 
Finally, if h>2k+1, 1. @., a, >=a,,4, 2, coincides with 2, throughout. 

We consider first the ordinary case in which equations (27) serve to 
determine three definite, distinct functions of the form (26). 


Place f,(”) +f,(”) +f3() =f(), r 

0, =O, 94-1442, 28-1409 
6, = —d,=m,—M, 
) =6,6,6,, 

anit ee 
O= Y r=], 2; 3, 

h+1 

B,=0, ,=B="F-, 


Pr— &,, o—2k+8, ° 
Then we get 


Q (2) — Sere )g— a0 9k—AE* P, (2), 


9,2) =0, 5 arP, (a), r=, 2,3, 


3 
K (2, x,) — > Oph, (ale hank ow 2, (a). (28) 
1 


Consider first the case in which the functions f,(2) have distinct real 
parts. Suppose for definiteness that 


Rif, (2) 1 < Rif, (%) 1 <R[f,(x) ]. (29) 
Take C,=6,, and form v,,,(z). Then by Theorem B we have 


y,=erOgynP, (at) + > v,,,(2). (30) 
Asi 


In v,,,(%), we have 


od a ee 


21 
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Further, by (29), 
Rif, (7) —f,(2) ] <0, r=2, 3. 


Whence, if we choose 
3 
s>p+2+h+1+ = |R[p,] |, 


p being, as usual, an arbitrary integer, it appears by argument like that used 
in See. IT that 





. OA 
eal) < pe ppeerr leer 
Thus 
o 4 ; 3 1 
| 2 2 a(2)] < p+1 . pti eh @ grr - 








This inequality once established, it is easy to show that y, satisfies the 
conditions of Theorem B, and is thus a solution of (25). Further, we may 


evidently write 
y,=ehOgnP, ,(a*). (31) 
To obtain a second solution, let us employ a device similar to that used 
in See. II. The adjoint equation 
2’” +- (bz)’—-cz=0 (32) 
may be shown by (31) to have a solution z, expressible in the form 
goog eP,, (2). 
We shall replace the function 2, by this z,, thus making Z,(7)=0, so that in 


K (a, x,) r takes only the values 1, 2. 
Form wu;,,(7). Then by Theorem A 


yg=e*grP, .(a#) + & us, (2). 
Azz 


Now we have in the present instance 





and 
Rf; (x) —f, (x) ] >0, r=l1, 2, 
so that 
;-=> ” 
| us, (2) | < (p+1)*rotH | e’*¢ aah 
and 


2°4 1 








2 M(7)] | <ot1 oF 























Love: On the Asymptotic Solutions of Linear Differential Equations. 163 


whence y,; is a solution of (25). It may be put in the form 
Ys —_— hOgnP, ‘“ (a?) : 
We see now that (32) has a solution 
7 2, =e h@g—eveP, .(a*). 
Take this as an auxiliary function instead of 2,, so that Z,(”)=0, and 
K (a, 2,) reduces to the form 
K (2, x,) =eh@gmP, .(x#) oe hgh-w—*P, .(a,)*. 
Upon writing out y, by Theorem B, we find by argument now familiar that 
Yo = eh@anP, P (2?) fe 

This evidently disposes of the case in which the functions f,(x) have dis- 
tinct real parts. Only very slight changes in the argument are needed if two 
real parts are equal, while if all three are equal the three solutions may be 
written down by Theorem B at once. 

By direct substitution in (25), it appears that all the terms in y, involv- 
ing fractional powers of x disappear. 

We return now to the exceptional cases noted above, in which equations 
(27) do not serve to determine three functions of the form (26). 

Suppose equations (27) become illusory, in which case a, ,—a,, must be 
an integer. Take 

2,=EeThOtTn@g—aro, 


2,=e-hOth@y—sn04 Be.loga,  B=0» (33) 
Z.== e —fe(x) Fs) y— a, 0 , 








in which 
k-+-1 k 
f(x) = eae $e toy, =I, 2, 
a, a,, a, s— — 
>, (x) = = + Fa ot co eee + (s—1)a=2? ran, 2; 3. 


The constants can now be determined without trouble in the usual way. 
Placing 


6, =Ag, > — Ae, o ’ 


§,.=—d,=m,—M., 
") =4,6,6;, 
(1: =O, 9—2k, 9, =a, o> —k+1, r=2, 3, 
we find 
9,0) =C, eh arP, (2), r=1,2, 


(34) 





95(20) = 0, ca"P, (2) + Bg,(2) log 2, 


J 
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Z (x) sag Rg eh Ce), 
Z(H) =e~hOg—emet—2P, , (x) + Be, log 2, 
Z;(2) sag get Oe Ae), 


8 
K (a, %) = % 9,(2)Z,(a). 


By familiar reasoning it may be shown that (25) has three solutions of 


the form 


=elr@arrP, (2), r=], 3, 
K] 10, (2) (35) 


Ys=Y2 log + Be*a"P,, 5(x), 
where B is a constant. 
There remains only the case in which the functions z, and 2,, as given by 


(27), are identical. 
Take the auxiliary functions as in (33). We find that now a,,=a,,, 


a; ,~a,,. If we place 

é, = 3,1 Oy,1 

6.=—d,=m,—M, , 

d =6,6,05 5 . 
the functions g,(x) have the same form as in (34), and the three integrals y, 
take the form (35), except that now p,=p,. 

2. A Triple Root. 


If m,=m,=m,, we have either 


b, , bd 
senor], 


woman 4] 





where b,, c,, ¢, are not all 0; or else 


(b) ; —_ 
Ae) ot te eo 





In (a), if c,F0 or if b,=c,=0, c,0, we need only introduce the new inde- 
pendent variable t=2' in order to reduce the problem to the case of distinct 


roots. 
If c,=0, b,0, a similar reduction results if the new variable t=z! be 


introduced. One of the solutions is found to proceed in powers of 2, the other 


two in powers of 2}. 
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There remains only (b). This case may be disposed of by Theorem B. 
On account of the closely related discussion by Dunkel, mentioned above,* 
together with the formal analogy between this problem and that in which the 
point at infinity is a regular point in the ordinary sense, we content ourselves 
with a mere statement of results, in the theorem below. 

In summary, our results for the equation of the third order are as follows :t 


TueEorEM IT: In the differential equation 
y'’ +b(a)y’+e(x)y=0, (25) 
suppose that b(x) and c(x) are real or complex functions developable asymp- 
totically, when x is large, real and positive, in the form 


b (2) ~a%| by-+ +0], 
ox) ~a*| o9 + Boone 


where k is 0 or'a positive integer, and suppose that b’(x) also has an asymp- 
totic development. Then for the same values of x equation (25) has three 
linearly independent solutions y,, Yo, Ys possessing asymptotic developments as 
follows: 
(a) If the roots m,, m,, mz of the characteristic equation 
m+ bom+e,=0 


are distinct, we may write 


y,~elar | 14 Aaa on ron], 2, a, 


where 





(b) If m,Fm,=m,, we may write in general 


y, wera | 1+ fs +... § 





x 





lin A, 1 B,. a 
Y wel yr 1444 er +-5(B,,o+ J4e. I, r=2, &, 


where f,(”) has the same form as in (a) and 


4 
Ge 


2 


k-b1 k+} k 
im te et 


k+4 ke » r=2,3; 











* Cf. Dunkel, loc. cit. 
+The results for the case of distinct roots are included merely for completeness. 
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(c) but if p,=p,, or in general if ps—p, 1s a positive integer, we have 
y, wel arr [1+4 Bis... A r=1, 2, 
Y3~Yz_ log x+ ea [ 4s. ++ As, +. nll 


where f,(x) and f,(x) have the same form as in (a). 


(d) If m,=m,=m, and either c,=-0 or b,=c,=0, c,F0, we may write 











yw el appr i+: i + (BoA i+, -~ 
é ‘ = 
rs one - er r=1,2,3, 
where 
_ M,% sia a, spo 4 a, oe has ,,—0* : 


(e) if c,=0, 0,0, y,, Yo, Ys have expansions of the same form as in (b) ; 


(f) «f k=b,=c,=c,=0, we may write 


yor 14 4 —bi +. all 





Ya~Ay, log x+ nx ba, + Ay, 1 el 
Y2~By, log* z+ x log -[b,. + Fas Fs si 1 
lit + A,, ee jail 


This evidently covers all cases that may arise in connection with the 
equation of the third order. 


UNIVERSITY OF MICHIGAN, April, 1913. 











Restricted Systems of Equations.* 


By Artuur B. Coste. 





Throughout the following account geometric ideas and language are em- 
ployed exclusively, though the material is algebraic. A homogeneous equation 
of degree / in n+1 variables is called a spread of order? in S,. A manifold 
of dimension r is indicated by M,. According to Kronecker} it can always be 
defined as the totality of points on at most n+1 spreads. The simplest problem 
in the theory of restricted systems of equations is the following: Given n 
spreads in S, of orders 4,, ....,4,, all of which contain M,, in how many 
points of S, outside of M, do they meet? A very wide range of problems in 
enumerative geometry and algebra can be expressed in terms of restricted 
systems of equations. With this in mind, Salmon} began to develop a theory 
of such equations. His method was inductive, but the general case was not 
touched. Furthermore, the results which he obtained were proved only for the 
case where the manifold M, is the complete intersection of »—r spreads in 
S,, a manifold of a type referred to hereafter as “regular.” The examples 
given at the end of §2 show that such results may or may not be true for the 
general case. That no systematic development of the subject of restricted sys- 
tems has been attempted is due, no doubt, to the success of Schubert § and others 
in the field of enumerative geometry with the aid of the principle of the con- 
servation of number and a certain symbolic calculus. 

The object of this paper—the first of a series under the same title—is to 
give a general account of the theory of restricted systems of equations. The 
simple problem formulated above is considered in §1. A solution is obtained 
in terms of the orders 4, and of r+1 so-called “index numbers of M, in S,” 
which depend only on the M, in S,. Certain theorems relating to the determi- 
nation of these index numbers are derived, and applications to specific prob- 
lems are made. 





* Written under the auspices of the Carnegie Institution of Washington, D. C. 

+ Crelle, 92. 

£ “Lessons on Modern Higher Algebra.” Cf. E. Lasker, “Zur Theorie der Moduln und Ideale,” 
Matematische Annalen, Vol. LX (1905), in particular p. 44 and p. 112. 

§ “Kalkiil der abziihlenden Geometrie,” Leipzig (1879); cf. Pascal-Schepp, Repertorium, Vol. II, 
Chap. XV (1902). 
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In $2 there is treated the more general problem in which S,, is replaced 
by a manifold M, in a linear space of any dimension greater than ». For this 
case the r+1 “relative index numbers of M, as to M,” are introduced. It is 
shown that they. have properties entirely analogous to those of the ordinary 
index numbers. Some relations connecting the two kinds of index numbers 
are also given. 

Further problems are readily suggested, and these will be discussed in later 
papers. ‘Possibly the most important is that of the “incomplete restricted 
system,” namely: Given n—r-+k spreads of orders 4,,....,4,—,4, on M, in S, 
which meet in a residual M,_, which has an M,_,_, in common with M,; what 
are the index numbers of M,_, and of M,_,_, in S,,, and what are the relative 
index numbers of M,_,_, as to M, and as to M,_,? For k=r we have again 
the problem of $1. An obvious generalization is the problem of the “incom- 
plete relative restricted system.” It appears that if r>2+4h, the ordinary 
index numbers of M, are not sufficient for the solution and further index 
numbers must be introduced. Closely related to the above inquiry is that as 
to the index numbers of a composite manifold in terms of those of its con- 
stituent manifolds. 

Beginning with the fact that k manifolds in S, of orders 4,,....,A, and 


k 
dimensions 7,,...., 7,, where & 7; = (k—1), ordinarily meet in II 4; points, 
a ’ 


{=1 


we may ask what is the reduction in this number due to the fact that the mani- 
folds all contain M,, r<yr,. This question can be extended in the same direc- 
tions as the one originally put, and doubtless leads to the most general one in 


the subject. 
Some attention will be devoted to the determination of the index numbers 


of certain spreads, such as those defined by matrices and those which occur in 
mapping. 
§1. The Index Numbers of a Spread in a Linear Space. 

1. Let M, be a manifold of dimension r in a space S,, whose section by an 
arbitrary S,_,-», 0<k<r, is M,. In S,_(,-,) let M, be on n—(r—k) spreads 
of dimension n—(r—k)—1 and of orders 4,, a), .-.+, An—(—z) Which meet 
further in a finite number, O,, of points not on M,. If o,; be the sum of the 
products of the A’s, 7 at a time, then the (k+1)-th index number of M, in S, 
is defined by the formula 


(1) Oy = O,_ (p— 4) — Hy Oy — HO) — Ay Op_p — +--+» —O_1 9, —O,;,, 


in terms of the orders 4, the number O,, and the earlier index numbers a), a,, 
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.+; %—,, Which are similarly defined by means of sections of M, in S,_,, 
Sn—rtis +++) S,-@—eti1y- Im particular, a, is the order of M,. The last index 
number, a,, is defined by » spreads of orders 4, in S,, and this particular form 
of (1): 

(2) a, = 6, — 40, —G,0,_; —@,0,_,— ..-. —a@,_,0,—O,; 
and it is convenient to say that 


(3) Lhe r+1 index numbers of M, in S, are the last index numbers of M 
and its successive linear sections, 


r 


For a given set of index numbers, a,, a,,...., and a given set of orders, 
Ai, ++++,)A,, We Shall often use a symbol A, defined by 3 


(4) A, = 4,0, + @,0;_, + @,0,_, + ..-. +4;_,0,+4;. 
Then, if o’ and A’ refer only to the orders a,, ...., A,, we have 
(5) 0,=0;+4,0;_,, A,;= A; +4,4;_,- 


2. The index numbers defined above are independent of the orders of the 
spreads employed in the definition. This is certainly true of the first index 
number a,, the order of M,, and according to (8) needs to be proved only for 
the last index number a,. Beginning with (2), which we write 0,=0o,—A,, 
let the order A, of the spread f/, be increased by unity by adding to f, an arbi- 
trary linear spread Z which cuts M,in M,_,. Then O;/ =o; — A’, where the 
superscript refers to the new order A,-+1 and the possible new index number 
a,. The points O/ outside of M, are made up of the points O, and the points 
O,_, outside of M,_, in L. But O}_;=06,_,—A;_,, where the superscript 
refers to the orders 4,,...., A, and the index numbers a@,....,a,_,.. Thus 
O; = 0,+0;_,=6,—A,+6,_,—A;_,= 6, —A,—A;_,. Hence 4/)=A,+A}_,, 
and we see from (5) that af =a,. By induction the index numbers are inde- 
pendent of any increase in any of the orders due to the addition of linear 
spreads. According to Schuberi’s principle of the conservation of number, 
they are independent of any possible increase. Since the original orders might 
have been the lowest possible ones, the index numbers are entirely independent 
of the orders. The application of Schubert’s principle here is eminently proper. 
We may regard the spread M, as defined by f,,...., f, and the exclusion of 
the O, outside points. Then /,L,...., f,, with the exclusion of O/’, define M, in 
precisely the same way for our present purpose. To be sure, /,Z has M,_, as 
a locus of double points at least while /, itself may have only simple points on 
M,_,. But this does not affect the number of outside intersections. For in 
both cases f,,...., f, meet in M, and a residual curve which cuts M, in y points. 
22 
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To obtain the legitimate number of outside intersections, we have only to choose 
L so that it contains none of these y points. 

(6) The index numbers of M, in S, do not depend upon the orders of the 
spreads used to define them. They depend only on M, ttself and the dimension 
in which M, lies. 

The dependence upon the dimension is given below in (14). 

3. From (6) and (2) we have at once that 

(7) The order of a restricted system of equations in S,, with the common 
solution M, is given by the formula 

O,=6, —a@,)0,— @,0,_, —@,0,_,—.... —@,_,0, —a,=0,—A,, 
in which a,,....,a, are the index numbers of M, in S,, and the o’s refer to the 
orders of the given equations. 

Thus if the order of one restricted system for M, itself and for each of its 
successive sections is known and thereby the a’s are determined, then the order 
of any restricted system involving M or any of its linear sections can be ob- 
tained. The first problem in the theory of restricted systems is the deter- 
mination of the index numbers of given spreads. Some theorems relating to 
this will now be derived. 

Let us call M, in S,, a complete manifold of excess k if it is the complete 
intersection of n—r+k (O<k<r) spreads in S,. If, in particular, k=0, MV, 
will be called a regular manifold; an ordinary manifold, if it lies in an S,,, 


in S,. 
4. Let then M, be a complete manifold of excess k defined in S,, by spreads 
of orders A,,%,,---+) A,—rte, Of which A, is the maximum. In (1), 0,=0, 


and a, is determined in terms of the given orders and the earlier index numbers 
by the formula 0=o,_,4,—4A,. In S,_,,,4, an additional spread is required 
to determine a,,,. This can always be taken equal to 4, in such a way that 
O,,4,=0, and for sections of greater dimension further spreads of order A, can 
be used. By repeated application of (4) we can write the equations defining 
the index numbers beyond a,_, as follows, the o’s referring of course to thle 
n—r-+k given orders: 

O= o,_,4,—[4,]; 

0 =A,6,-,44— [4, 4, + Aggil, 

0= at. [Aj A, a 22, Anyi + A,+2], 


o 68 6 oe & 6 0 0 Oo 8 BOSS OHO COR 06 6 16 100 Oo eS. ele: oe i we ’ 


0 =Alo,_.4,— [Af 4, + (at Aes ¥: @) at a 


+ fap A, Ayyj-1 + (2) Avil. 
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Multiplying these equations in order, beginning with the last, by the terms in the 
development of (1—A,)/ and using the formula 


© OCH-OCH OC)... 
He—nmegt = (OES 


we get A,,;=0, if 7>0. Hence the index numbers, beginning with a,, are 
determined by the equations 


(9) Ay = Oy.cres A,4;=9, gael, 2, weeey TK. 


In the case of a regular manifold, k =0 and A, =a,=<,_, is the order d of 
the manifold. Then equations (9) read thus: 


2M, 
0=a,0,+%, 
0=a,0,+4,¢6,+4,, 


0= 4,46, + 4,6, +a, G44 -..- +a, + gq. 


Multiplying these in order, beginning with the last, by 1, —P,, P,, —P3, ...., 
(—1)’P,;, where the P’s are the complete symmetric polynomials formed from 
the given orders, and recalling that 

(10) o,— P,o,_, + P.6,_.— P39, +..--+(—1)'P, =0, 
we find that a; = (—1)/d P,. 

(11) The index numbers a,,....,a, of the complete manifold M, m S, 
of excess k are determined in terms of the given orders and the earlier index 
numbers by the equations (9); those of a regular manifold are a;=(—1)/dP,, 
7=0,...., 7, where d is the product, P; the complete symmetric polynomial 
of order 4, formed from the orders of the n—r spreads in S,, which cut out M,; 
those of an ordinary manifold M,_, in S, of order d are a, = (—1)/d’*', 
§=@,.. 6.6, =I], 

In particular, if 17, is a linear manifold S in S,, it is regular, being cut out 
by n—r ordinary linear spreads, and P; reduces to the number of terms in the 
complete symmetric polynomial of order j7 in n—~r variables, which is known 


to be er whence 
(12) The index numbers of an S, in S, are 


oo (-1yi("" TI), ro, ae 
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5. If M, in S, has index numbers a, then M, in an S,,,, containing S, 
has index numbers a’, where 
(13) a; = a;—a,_, + a;_.—a,_,+....+(—1)/ aq. 
This is true of a, the order of M,; let us assume it for aj,....,a,_, and 
prove it for a. If in S, a, is determined from O0,=06,—A,, in S,,, a} is 
determined by an additional linear spread, the S,, itself, O, being the same as 
before. Hence O0,=1-06,—A;, where in A} o;,,=6,+06,_,. Thus 
A, = A, = a4 (6,+0,_,) +01 (0,_,+6,_2) +....+a;_,(6,+1) +a,, 
or 
A,= 0 0,-+ (ao-+a;)o,_,+ (oi -1-05)¢,97 + -« +g eT (a,.;+e,)- 
Assuming (13) up to 7=r, this determines a;, which is of the same form since 
a; +a,_,=a,. By repeated use of (13) we find that 
(14) If the index numbers of M,in S, are a,,....,a,, the index numbers 
of the same M, in S,,, are 


ap mar (Par (PE ar (PPP ap ote HIP 


c. . er 2 
This, applied to an S, in S,,, yields through (12) the relation 


a5) CS D+CT ICTS DCE Ce Dt 
+CE\()=(tetet). 
6. Let M,(a) in S, be cut by the spread F of order q in M,_,(a’). Then 


la 


a,;=qa; let us assume 
a; =a,—G'7a, 
(16) - A= Yay— Ga, + J°Op y 





O; 9 = Qa,_»— G’a,_3+q°a,_4—.-... + (—1)"~2q’—!a,; and prove that 
L ,_,=4a,_,—G°a,_. + Ga,_3— ee i (—1)'~‘g’a,. 
Let spreads of orders 4,,....,2,—, on M, meet outside M, in a curve C whose 


order (from a linear section) is O,_,=0,_,—A,_,, the o’s being formed from 
A1,)++++7A_n—1- These »n—1 spreads together with F make up m spreads on M,_, 
which meet again in O}_, points outside M,_,, the points where F' meets C. 
Hence O;_, = q0,_,=6,—A,_,, A;_, being formed from the a’’s and o’’s 
which in turn are formed from 4,,....,%,-,,q- Hence A;_,=qA,_, and aj_, 
is determined by 
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Ao (6, + qo,_,) + a} (o,_, + q5,_2) + ic + By (6, + q) + Sins 
= q(a)0,+ ....+4,_,), 


ag, + (41+ 9a9)0,,+.... + (a1 +40;_.) =q(a,o,+.... +a,_,). 

Assuming (16) true throughout, this equation is satisfied since then a; + qaj_, 
=qa,;,j=0,1,....,r—1. Hence 

(17) If M,(a) in S, is cut by a spread of order q in an M,_,, the index 
numbers a’ of M,_, in S, are given by (16) in terms of q and the a’s. 

For q=1 we have again the formula (13). If M, is a regular manifold, 
so also is M,_,, and (16) merely expresses that P,= q'+q*1P,+....+P,, 
where P; is formed from 4,,....,%,—,, q and P, from 4,,...., A,—, only. 


or 


7. The theorem (17) can be generalized as follows: 
k 

(18) If M,(a) and M,(@) in S,, meet in an M,,,_,(y), then y,= 2a,8,_;. 
i=0 


Let us prove this provisionally for the case where one of the manifolds, 
say M,(3), is regular, being determined by n—s spreads of orders p, q,..... 
Then M,,,_, is the meet of M,(a) and these spreads in order, and the index 
numbers of the successive sections according to (17) are 


Pao, PQ, seey 
pa,— pa, pqa,—pq(p+q)%, teeny 
D Oy — PPO, + PPA, pqd%—pq(pt+gq)a,+pq(p?+Qt+pq) a, ----, 


Substituting the index numbers of M,(@) as given by (11), we have the desired 
formula. A more general statement is: 
(19) If mS, b spreads M, (a), M,,(a™), ...., M,,(a™) meet in an 


My3,,-n(p—1) With index numbers B, then B, = aa ....a%?, where t,+%,+ 
.+4 =k. 
In (17), (18), (19) we have generalizations of (11) relating to regular 
manifolds. If in (19) the dimensions r,,...., 7, are all equal to n—1, M(@) 


is a regular M,_, 

8. Given M,(a) in S,; let a’ be the index numbers of M, doubled, 7. e. [M,]?. 
A section of M, by an S,,_, is a, points, which are doubled if M, is doubled, and 
account for 2"~"a, intersections, whence aj=2"~’a,. Let us assume that 
a, = 2"-'"t*q, for k=0,1,....,7—1 and prove that a,=2"a,. Let M, be 


determined to within certain outside points by/,,....,f,, of orders a,,....,A,, 
and also by g,, ----) Gn, Of orders u,,...-,u,- Then [M,]* is determined by 
f° G19 + +++) fn’ Gn to Within O; outside points, or - 


a! = TT (A,+ 4) — 400, (4+ 4s) — 0, O,_, (Ay + fy) —- - . - O_O, (A, +.) —O 
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The points O} arise from any k spreads f and n—k complementary spreads g, 
whence 


OF => [A Ag. Ag Mega +++ + yg — BO, — A, 0,_,; — .... —a,_, 6, —a, ], 
where = refers to the 2” choices of A,,...., Ax, Mesiy-+++) Hn Collecting 
the terms in O}, we find that 


0, = 4 (A; + ,) — 2°" "ago, (A; + wy) —2°-"F1a,0,_, (A+ ui) —---- 

— 2°~1a,_ 16, (A; + u;) — 2"a,. 
Substituting this value in a; and using the assumed values of a, ...., a,_,,; 
we find a, = 2"a,, whence 

(20) If the index numbers of M, in S,, are a, the index numbers of [M,]? 
rege "lg, F280, «26g: 

Using an additional set of spreads h,,....,h, on M, of orders v,,...., v,,; 
and a similar argument, we find the index numbers of [M,]°, ete. The result 
is as follows: 

(21) The index numbers of an I-fold M, in S,, in terms of those of the 
simple M, are a; = 1"~"*ta,. 

9. Let M,(a) in S, be contained simply on spreads of orders 4,, ....,A,- 


We ask for the number O, of points outside of M, common to 2 spreads /,,...., 
f, of orders J,,....,1,, which contain M, k,,...., k, times respectively. Con- 
sider the n degenerate spreads, 

af af? .... 9h Pere, ....., 4 ae... ar em, 


where u{” is a spread of order A, containing M, simply, and P“~—*) is a 
spread of order 1; —k,; A, in general position with regard to M,. These degen- 
erate spreads satisfy the conditions of the problem, and from them O, can be 
calculated. We find that 


n n—1 n—2 
O, = Il (1; —k;A,) + > I (1; —k,A,) ky An + > Il (1; —k,,) An—1 Xn ky, k,, 
1 1 1 
-}- lee -f- = ii (1, —k,A,) (Api Arte aa ie x, —ay) Kah +e aaa er k,, 
r—1 
2G AIGA ee we, «sk 
1 


r—2 
+ > Il (1; —k,2,) (A... - ss A, Ay, —a, 0, —a,)k,_,k,. es .k, 
2 1 ‘ 


+ .... + (A, a,....a,—G)0,—@,0,_,---. —O,) kh, h,....k,. 
To divide this by k,-k,:....:k, amounts to replacing 1, by and dropping 


the other k’s. Then O, takes the form O,, which is obtained from » spreads 
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vO-P C —-4, ), v being of order A, i. e., the number O, obtained from n spreads 


of orders = containing M, simply. Hence 


(22) The number of points not on M,(a) m S, and common to spreads 
fir-+++yf, Of orders l,,....,1,, which contain M, k,,....,k, times respectively, 
is gwen by the formula 


i 


O,= [¢, —a,0,—a,0,_, —@,0 _».—....—a,]k,k,....k,, 
l 4, 
ei % 

If the k’s are all equal, this furnishes the same result as (21). 

10. InS, let M; and MY be two non-incident manifolds with index numbers 
a’ and a” respectively, where s<r and r+s<vn. Let the index numbers of 


the two manifolds considered as a whole be a. From their sections we see that 


where the o’s refer to 


a,;=a; for 7=0,1,....,r—s—1. In determining a,_,, we find that O,_, 
is O;_, diminished by aj, the order of Mf, whence a,_,=a}_,+aj. Let us 
assume, then, that a; =a; +a; _¢_, for7=0,1,....,r—1,and prove that the for- 


mula holds whenj7=r also. If to within certain outside points M} is determined 
by spreads f,,....,f, of orders 4,,....,4,, and MY by spreads g,,...., 9, 
of orders u,,.---, &,, then M)- Mf is determined by spreads f,-9,, ..--, fa° Gn 
of orders A,+4,,----,4,+4, to within O, outside points. These points arise 
from the intersection of the meet of f,,...., f, (residual to M, if k>n—r) 
and the meet of g,,,,----, 9, (residual to MY if n—kSn—s). The orders 
of these residual intersections are determined by a proper section, and we find 
that 
O, == 3 A ag. . 0+ Ay Oy ce aan * ++ — Een) 
*MetiMete +++ ly — Bo 0,» — M1 O,_1p— +--+» — Ayal, 

the } referring to all possible complementary choices of » A’s and w’s, and the 
o’s in a brace referring to the quantities appearing in the first product of the 
brace. From this value of O, we can finda,. If we suppose that a,=a;+a,, 
we have only to verify that O, above and 


O =a, (A; + Mi) — 000, (Ag + Mi) — «+ Og Fos (Ai + Hy) 

— (a,_, + a0) 6, (Ay + ey) — ---- — (a, + a1) 6, (A, + #:) — (a, + ,) 
are the same. In the first value the terms free of a’ and a” are o, (A;+ 4,;), 
as also in the second. There are no terms in the first expression containing 
both an a’ and an a”, since r-+s<n. In each expression an a’ or a” is multi- 
plied by all possible terms of a definite simultaneous degree in A and uw, whence 
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their coefficients must be the same. This identifies the two expressions, and 
the assumed formula for a, is generally true. 
(23) If two non-incident spreads M, and My in S, (s<r,r+s<n) have 


U 


index numbers a’ and a” respectively, the two together constitute a manifold 


which has the index numbers a; =a; +4; _(,-», 7=9,1,....,7 


The generalization of (23) to the case of any number of manifolds, no two 
of which have common points, is obvious. The argument used does not apply 
(nor is the result true) in the case where M} and M; have common points, say 
a common M;’, unless M;’ be doubled. This is due to the nature of the spreads 
used above to determine O,. 

11. Given acurve M, (a) inS,, n—1 spreads of orders 4,,...., 2, on it meet 
in a residual curve M,(@) which cuts M,(a) in M,(S) points. From a section 
a,+6,=6,-,. A further spread of order / on M,(a) cuts M,(@) in B,1—S, 
points outside M,(a). This number is given by 0, =/0,_,—a,(o,+1/)—a,. 
Equating the two numbers, we find from the coefficients of J that a,+ 6,=<o,_, 
and 3,=a,¢o,-+a,. The two curves are mutually related, since they constitute 
a regular curve, whence also 3, = @,¢,+,. The index numbers of the two 
according to (11) areo,_, and —o,¢,_, or a, +, and — (a,+,)o,=a,+6,—2S,. 
That these are the index numbers of any two curves M,(a) and M,(@) with 9, 
common points can be proved directly. Let n—1 spreads on the two meet again 
in M,(y), which cuts M,(a) in y, points and M,(@) in %, points. If the index 
numbers of the pair M,(a), M,(@) are a,+6,, a, +0,+%,, and similarly for 
the other pairs, then we have from the above, regarding each curve in turn as 
residual, the following relations: 


(a) + Bo) 0 +a, + 8B, + Lap = Mm +5 =%1+N» 
(Bo + 0) 01+ Bi + 1 + Upy = So +9 = 5, +O, 
(Yo +) OY +. + Vay = 99+ M = Boo, + Bi. 
From the first and the sum of the last two we find that 7,,=—23,. Hence 
(24) If n—1 spreads of orders 4,,....,4, on M,(a) in S, meet in a 
residual M,(8) which has M,(S) points in common with M,(a), then the index 
numbers B,, B,, d are determined from the equations 
ty + Bo =O,-1, % 0, +O, =H = Bo, + Bi. 
The index numbers of an M,(a) and M,(8) with common M,(3) are a,+ 6,, 
a, + B,—2d. 
Given a curve M,(a) in 8, of order v, genus a, and rank y (class of the 


projection) with d apparent double points, let the cones on M,(a) with vertices 
at P, and P, such that P,P, is skew to M,(a) meet in a residual curve M,(@) 
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of order »’—v which meets M,(a) in 3, points. These 3, points arise (a) from 
the points where a double generator on P, or P, meets M,(a), i. ¢., 4d points, 
and (b) from the y points on M,(a) of contact of planes on P,P,. Thus 
+ =4d+y, where y=2(v—1+2) and d=3$(v—1) (v—2)—~x. But 
+) = 4%0,+a,=—v(2v)+a,, whence a, = —2v—2(vy—1+4a). If also 
M,(a) has 6 actual double points, M,(8) has the same double points, each of 
which counts for two points in 3,, whence 3, = 4(d+6) +y—26, and 
a, = —2yv—2(y—1+2+5). Hence 

(25) The index numbers of a curve in S, of order v, genus m, and rank y, 
with § actual double points, are 

G=v, a= —2v—2(y—1+2n4)) =—27—y—2); 
i. €., they are the same as those of v lines with vy —1+ 2+ intersections. 

Using these index numbers and (22), we find that 

(26) Three surfaces of orders n,,n,,”, which contain k,, k,, k, times 
respectively a space curve of order v and rank y, with 8 actual double points, 
meet again in 

N, Ny Nz —V (N, ky ky + ngkyk, + gk, ky) + kh, ky k,(2v + y +28) 
points. * 

The index numbers of a curve with a higher singularity do not depend on 
the order of the singularity alone. For example, if the tangents at a triple 
point lie in a plane, the curve behaves at that point like three lines in a plane 
with three intersections, otherwise like two lines meeting a third with two 
intersections. 

(27) The index numbers in S, of a curve of order v and genus x, with 
6 actual double points, are v, —v (n—1) —2(v—1+2+08). 

This is certainly true according to (24), if the curve in S,, as in S,, can 
be replaced by y lines with (v —1-+ 2+) intersections. It merely requires 
that the second index number shall increase by 7, if the curve is projected into 
the space of next lower dimension. This requirement is satisfied on projection 
from S, to S,, since the index numbers in S, are 7, —»® [see (11)]. It is 
satisfied also on projection from an S,,, to an S,,,_,, when the curve itself 
lies in an S, [see (13)]. We shall assume provisionally that the requirement 
is satisfied for intermediate projections. 

12. It is clear that the formula (7) for the order of a restricted system 
will in most applications be a rather complicated expression. In order to 





* Cf. Pascal-Schepp, Repertorium, Vol. II (1902), p. 212. 
23 
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simplify it, certain numerical relations among the binomial coefficients are 
given here. Most and possibly all of these are known; but for lack of definite 
references proofs of the more complicated relations are indicated. 


; ()=(a*5): 

Ce eee Phe 
=(5+(23). 

°. 5") =G)+Ga) +G) + #00") 


This is proved by repeated use of 3°. 


(39 =Co G+ @Ga)+ C3) G2) + - 
é. c+b—1\ fa—b 
This is proved by repeated use of 4° [see (15) ]. ( b ) ( 0 7 


6 (75) = (0) G) + GGA) + G2) + 


“ (() (y-:.)- 
This is proved by repeated use of 3°. 


“(= (°E2)— (GH) + BEB) — + an($). 


This follows immediately from 3°. 


- (=CONEI-OCH +CHIGCD- 
ran NCE. 


_ 
° 


bo 


Go 


This is proved by using 7° repeatedly. 


2. (S)(§)e*—(B)(Sat)ormnes (S)(Op2ertteR 
Heh )G)O= (eo 
The factor G) can be removed from each term by using 2°. 
0. )CEI-DMCT It )- 


4 (—1yt-*( 8) ee, an, of b<<. 





EINE... ara? ¢ 





ip ey 


ERA ete 
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Reduce the upper numbers in ve . r 7 , ---. by means of 6° and 


apply 9° fors=t=1. 


NED —DGD Eee EDGE ee 


+P NCS) e 
HCHO TEE Ory 
+O) GT) ore EGC)! 
= (OG) +) Ga) e"e—-# 
HEY GE eee t(D (Pore 


In the first expression raise the upper number of the first factor of each 
term by c—b+1, according to 8°. Each term of the result can then be modified 


by 2°. Collecting the coefficients of “ee ‘ao | —! biatuces 


and using the expansion of (s—t)’, the second expression is obtained. If in 
this a+c be reduced by a or more, according to 5°, and the coefficients of 


G) ' Cr , Ci , -...» be collected, the third expression is obtained. 


13. If point conics in a plane be mapped on the points of an S,, the «? 


repeated lines of the plane are mapped on the points of the Veronese surface, 
F}. The point conics apolar to a given line conic are mapped on an SN, in S,, 
those apolar to two given line conics on an S,in S;. The latter system con- 
tains the squares of the common lines of the two line conics, whence a, of F} 
is 4. A section of F} by an S, is a quartic curve necessarily rational, since it 
lies in S, or since it is the map of the lines of a line conic. Using (27) for 
y=n=4, xn=5=0, we find that a, = —18. The point conics which, in line 
form, are apolar to a given point conic map on a quadric which contains F}. 
Since there is only one proper conic apolar to five given point conics, five such 
quadrics on F} meet in one outside point, whence to determine a, we have the 


mi 
equation 1 = 2'—a, () 2?— a, Cc 2—a, or a,= 51. 
(28) The index numbers of the Veronese surface Fj in S, are 4, —18, 51. 


If (ax)? = (a’x)?=.... be a variable point conic, and (bx)? = (b’a)? = 
. be a fixed point conic, then in the discriminant equation of the pencil, 
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(aa a”)? +34 (aa'b)? +32? (abb’)? + 243 (bb’b"”)? =0,7 
(aa’a”)*=0 is a cubic spread in S, containing F; doubly, (aa’b)?=0 isa 
quadric spread containing F} simply, (abb’)?=0 is an S,, while (bb’b”)? 
is a constant. Hence the discriminant of this cubic equation—the tact-invariant 
of the two conics—is in S, ‘a sextic spread containing F{ doubly. According 
to (20) the index numbers of F; doubled, are 2°-4, —2'-18, 2°-51, and five 
such sextic spreads will meet outside F} in 


O, = 6° — (9) 6% 28-4 + (7) 6-24-18 — 25-51 = 25-102 = 3264 

points, whenée we have the well-known theorem: * | 

(29) There are 3264 proper conics which touch five given proper conis. 

14. Let us ask how many proper conics touch a general rational plane 
quintic five times. Conics cut the quintic in sets of ten points determined by 
binary ten-ics apolar to five binary ten-ics. We want, then, the number of 
squared quintics apolar to the five ten-ics exclusive of the 0? quintics deter- 
mined by line sections whose squares obviously satisfy the apolarity conditions. 
Map binary quintics upon the points of an S;, and the line sections will map 
on points of an S,. The apolarity condition of the squared quintic and one of 
the five ten-ics represents in S,; a quadric which contains the S,. The index 
numbers of the S, in S; are 1, —3, 6, whence five quadrics on S, meet outside 


: i= ; 
of S, in O, = 2° — (3) 27-1 + (7)2-3 —6 = 16 points, or 


(30) There are 16 proper conics which touch a general rational plane 
quintic curve five times.t 

15. <A plane curve of order 1, f’, is determined by $r(7+38) constants. 
If it degenerates into an f* and an f’~*, s<r, the two contain only 4+ u con- 
stants, where A=4s(s+3) and uw=3(r—s) (r—s+3), whence to degenerate 
thus is s(r—s) conditions. Given then a linear system of »*°~—* f’’s, how 
many members of the system degenerate into an f* and an f’~*. The system 
is apolar to A+ u linearly independent curves of class 1; i. ¢., the coefficients of 
its members satisfy 4+ 4 apolarity conditions. Map the curves f* upon the 
points of an S,, the curves f’~* upon the points of an S, which lies skew to S) 
in an S,,,4:. Then a product f*-/’~* can be mapped by any point of the line 
joining the maps of /* and of f"~*. Taking a section by an S,4,, such a line 
or such a product is represented by a point. Conversely, a point in S)., 





* Pascal-Schepp, Repertorium, Vol. HI (1902), p. 433. 
7 Cf. F. Morley, “The Contact Conics of the Plane Quintic Curve,” Johns Hopkins University 
Circular (1912), No. 2. 
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represents such a product unless it lies in the section S,_, or the section S,_,, 
in which case f’~* or f* respectively vanishes identically. The apolarity rela- 
tions furnish A+ quadries in S,,, on S,_, and S,_,. The index numbers of 


S,_, in 8,4, are 1, —("7*), ) winkile acc ae ae = | those of 


S,-1 are 1, —(*F*), ‘ey nave’ (yr ag Since the S,_, 


and S,_, have no common points, according to (23) their index numbers are 
additive and the 4+ quadrics meet outside of S,_, and S,_, in 


= te Gat poi (AFH a2. (Ht1) 4 (AtHYn-2, (#2) 
oni) C47)) 


—[Cte Ju-l —o Qu—2, Os es pen (an 
+ (—1)8(49") 2" C= Ne |. 
Apply 11° to the brackets and they become respectively 


eg a) TE a) a | ot) ra | 
The sum of the two is (1+1)*— (474), whence O = ey: 
(31) In a linear system of «0%"~® plane curves of order r there are 


‘ew which break up into a curve of order s and a curve of order r—s, 


A=43s(s+3), w=43(r—s)(r—s+3). 

The same result is obtained at once by the methods of Schubert, if the 
A+u curves of class r be taken as r-fold points. 

16. Given a rational curve of order v in S,, how many S,_,’s meet it 
A times in uw coincident points, A(u—1)=k? The S,_,’s determine on S, 
k+1 linearly independent binary forms /”’ which are apolar to y—k forms @’. 
We want the number of forms in the system /f’ of the type [g*]*-h’—*->. 
The forms g* map on an 8,, the forms h’~*—* on an S,_;,_, skew to S, in an 
S,_z41- Taking a section by an S,,,, g and h’~*~* are represented by 
points outside the exceptional sections S,_, and S,_;,_,_,. Then the »—k 
apolarity conditions give rise in S,_, to »—k spreads of order u+1 which 
contain S,_,_,—, w times and S,_, once. In S,_, the index numbers of S,_, 


_ ‘i wee ' das Seeeey (—1)°3 Ce 


are 
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those of the u-fold S,_,_,_, are 
A+1 A+2 ee ee v—k—1 
A+1 _h+2 A+3 y—k—h—1,p—k 
il ais ( 1 re ( 2 ) eee —- e aout 


Since the two manifolds have no point in common, we have 


= (ett —[ OTT) etp'— G5) ety) 
ce ha Gaia Ca Gari) 
= eee y i al ail | 
(EL err eet. 


__1)\7—k-A-1 v—k 0 ,v—k v—k—1 
+({—4) ( 0 ) (u+1)°u (rt |. 
Applying 11° to these brackets, they become respectively 


| ae gee ee as ae gry. u| 
[eae i+ Ce ey a 


"1 y—k__,,r v—k = v—k 
Hence the sum of the two is (u+1) u( 2 ) and 0 = u'( 4 . 


and 


(832) The number of S,_,’s which meet a rational curve of order v in S, 
A times in uw coincident points, where A(u—1) =k, is w we : 


The formula furnishes for a rational curve in S, the number of flexes and 
double tangents, for a rational curve in S, the number of hyperosculating and 
triple tangent planes, for a rational curve in S, the number of hyperosculating, 
doubly osculating, and quadruply tangent S,’s, ete. 

The examples given above are drawn from a rather restricted field, since 
we have thus far developed explicitly the index numbers of regular manifolds 


only, or of combinations of them which have no common points. The extension 
of (32) to the case where.the points of a section come together in any pre- 


scribed fashion can not yet be derived,* since, if more than two sets appear, 
the corresponding linear spreads have common points. 


§ 2. Relative Index Numbers. 


17. Given in S, a manifold M,(a) and a manifold M,_,(y) upon it, 
O0<kzer, then r spreads f,,....,f, of orders 4,,...., 4, will meet M,(a) in 
general in a,o points. But if the spreads f; all contain M,_,(y), we define 





*I am indebted to Professor Morley for the formula which applies to this general case. 
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the relative index number, (ay),-,, of M,_,(y) as to M,(a) in terms of the 
orders 4, and the earlier relative index numbers [which are similarly defined 
for successive sections of M,(a) and M,_,(yv)] by the equation 


(33) O,_,=%6,— (4Y)95,-4.— (4Y) 1 O,-4-1 — (AY) 9 O,_p-p —- ---— (AY) -k 
where O,_, is the number of points of M,(a) outside of M,_,(y) cut out by 
the spreads f,, and the o’s refer to the orders a. In particular, (ay), is the 
order y, of M,_,(y). We shall now prove that 

(34) The relative index numbers of M,_,(y) as to M,(a) are independent 
of the spreads used to define them, and also of the dimension in which the base 
spread M,(a) lies. The order of 4 rerarive resrricrep system or EQUATIONS 1s given 
by (33) in terms of the orders of the equations and the relative index numbers. 

Yor if 4, increase to A, +1 by using the spread /,- Z, where L is a general 
S,_,, then, from a section by L, O,_, is increased by 


, , 


r—k—-1 = %qO,_, — (@Y)90,_,-, — (a Y)1%—2-2 ices EG) g009 
where the o’’s refer to 2,,....,A4,- But this is precisely the increase on the 
right of (33) due to the change in 4,; 4. e., (ay),_, 18 unaltered and is inde- 
pendent of the orders. The same is true of the earlier index numbers. Again, 
if M,(a) is supposed to lie in an S,,, containing S,, then, in S,,,, spreads of 
the same orders 4 determine the same number O,_, of points of M,(a) outside 
of M,_.(y)- 

Evidently the index numbers a of M,(a) in S,, as defined in $1, are 
merely the relative index numbers of M,(a) as to S,. We might define the 
absolute index numbers of M, to be the relative index numbers of M, as to the 
linear space of lowest dimension in which WM, lies, a linear space S, being 
supposed to lie in an S,,,. Thus the absolute index numbers of an S, are 

a ees ee | ar 2 

18. The theorems of §1 can be generalized to apply to relative index 
numbers. The extension of (11) is: 

(35) If M,_,(y) ts the regular meet of M,(a) with spreads of orders 
L,...+,,, the relative index numbers of M,_,(y) as to M,(a) are 

(ay), =(—l1)ia,7,7T,, g=0,....,r—k, 
where t and T are the symmetric and complete symmetric polynomials in 
fis «xxee aes 


For further spreads of orders 4,, ...., A,_, on M,_,(y), the numbers 
O,,..-.,O,_, are all zero. First (ay),=y,=a,%,; also 0, =0=a,7%,A, 
— (ay)o (%+4,) — (ay),, whence (ay), = —a,77,. Assume (ay); = 


(—1)‘a,7, 7; for 7 =0,1,...., r—k—1, and let the o’s refer tol,,....,1,_,. 
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Then 
O,-, = 0 = a) %, 0,4 — (4) 0 [6,-, + 9,417) + e+ + + O,-o4 Te] 
aaa (ay), 1G, 51 + O,-,-2 T, aes + 0,241 7x] ye euiehignis 
oe (AY) ,—K—-1 (6, + T;) ai (ay),-2- 
This equation determines (ay),_,. It is satisfied when alsu (ay),_,= 
(—1)"-*¢, 7T,_,; for then we find that 
0 =a,%, [6,_,(1—1) + 6,_,-,(—*, +1,) + 6,_,-,(—% +4, 7,—T,)+.... 
- (~*24 se Tp K—-1 T, — T,_p—2 r, i (“<a a ]; 
which according to (10) is true. 
The following theorem is the analogue of (17) and is similarly proved: 
(36) If (ay); are the relative index numbers of M,_,(y) as to M,(a), 
the relative index numbers (ay);, of M,_,_,, the complete meet of M,_,(y) 
and a spread of order q, as to M,(u), are 
(ay); =a (ay);—G (ay) rt GP (ay)j»2—----+(—1)"(ay)o, 
7=0,1,....,r—k—1. 
Let us state without proof that 
(37) The theorems (18), (19), (20), (21), (22), (23), when generalized 
as above, remain true for the relative index numbers of spreads on an M,. 
19. The following three theorems are of different type from the foregoing: 
(38) The relative index numbers of M,_,(y) as to the regular meet M,(a) 
of n—r spreads of orders 2,, ...-, A,—, Mm S,, mm terms of ~ and the index 
numbers y of M,_,(y) mS,, are 
(ay), =F) 47-191 $Me Get ---- HG, 9=9,1,.....7°—&, 
where the o’s refer to the ds. 


Let M,_,(y) and its sections be on as many spreads of orders l1,, /,, ...., 
in addition to those of order 4, as are necessary to determine them, and let 
the v’s refer to symmetric combinations of the /’s. First (ay), =y; then 
O; = 9, ,Te41— Yo (1 +7) —1 = Fn Te41 — (AY) oT — (ay),, whence (ay), = 
¥,+%79,. Assuming the theorem true for 7=0,1,....,r—k—1, we have 


Og O90 Nc PE a EF +s PG 
—¥, (6,-,-) +O,-p-9T + +. - HS pi) + Heme 
= On Fe — Yo Tee — (Y1 +1 Ho) Fe —a—- — ++ - | 
nk ae ae fee os i ee 
= 6,_,T,— (@Y) 9 Ty, — (@Y)1 T—- 4-1 — +++» —(@Y) 4: 


Hence (ay),—2 = Yr—e + Vr—2-1 91 + Oe) £O,—- 





i Fedak sea.caon eel ee 
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The generalization of this to the case where the y’s are relative index 
numbers is: 

(39) If (ay), are the relative index numbers of M,_,(y) as to M,(a), 
the relative index numbers (a;y); of M,_,(y) as to M,_;(i<k), the regular 
meet of M,(a) and 1 spreads of orders 2,,....,4;, all on M,_,(y), are 


(a;y);= (ay) ;+ (ay) ;-19,+ (aY);-20 +..--+ (ay);,0;,, 7=0,1,...., r—k, 
where the o’s refer to a,,....,A;. 


a 


The following theorem generalizes the notion of a linear section: 


(40) If (ay), are the relative index numbers of M,_,(y) as to M,(a), 
and if M,(a) and M,_,(y) be cut by a spread of order q in M,_, and M,_,_, 
respectively, then the relative index numbers of M,_,_, as to M,_, are 


(ay);=aQ(ay);, 97=0,1,....,r—k—1. 
This is proved by finding from (36) the relative index numbers of M,_,_, 
as to M,(a) and then using (39) to get the required relative index numbers. 


The theorem (14) of §1 can be generalized as follows: 


(41) Given an M,(a) which contains an M,_;(@) which contains an 
M,_,.(y), k > J; then 


By (ay); = (48) (By): + (48), (By)iat--.-+(a8): (By), +=0,1,....,7—k, 
provided either M,_;(@) is a regular meet of M,(a), or M,_,(y) is a regular 
meet of M,_;(@). 

For in the first case we can solve the formule given in (39) for (ay), in 
terms of (a;y),= (@y), and substitute the known relative index numbers 
(a),. In the second case (36) can be repeatedly applied, and the known 
relative index numbers (@y), can be substituted. 

That the provisos in (41) are essential is shown by the following example: 


On M,(a) =S;, let us define the M,_;=M,(8) by the matrix 123 = ry 2 . 
LJ273 


where the variables represent general linear forms in S;. On M,_,(@) let us 
define M,_,(y) =M,(y) by 2, =y,=23=0. Neither M,(8) nor M,(y) is 
regular in the sense of (41), and the formule of (41) do not hold. In fact the 
index numbers (a8), are the index numbers @;in S;. For 6, we have in S, 
two conics, 12 =0, 13 =0, on the outside point 7,=y,=0, whence 8,=3. InS,, 
S,and S,, M,(@) is a complete spread determined by quadrics, whence @, =—10, 
B, = 24, @,=--48. Evidently y,=2. In S,, x,=y,=0 are two S,’s on M,(y) 
which meet M, (8) only where 23 =0, i. e., in no points outside M,(y), whence 
0=3-1-1—(1+1)2—(@6y),, or (By), =—1. In S,, M,(y) isa conic, so that 
24 


’ 
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its index numbers are (ay),=2, (avy),=—8. Thus we have y,=(ay),=2, 
(ay), =—8, 8B, = (a8), =3, (a8), = —10, (Cy), =—1. The equation 
Bo (ay)o = (48) (By). Of course is true, but 8, (ay), = (a8). (By), + 


(28), (By), is not true. 
On the other hand, theorem (18), which has thus far been proved only for 


the case where at least one manifold is regular, holds in the following example, 
XL, Ly = 
Y1Y2 Ys) 
0, the variables representing S,’s in general 









where neither is regular. In S, let M,(a) be defined by 123 == 








and M,(8) by 123’ See 








position. They meet in a curve M,(y) whose index numbers, according to (18), 
are y, =a, 8,=9 and y, =a, 8, +a,8,=—60. To verify this, note that the 
two quadrics 12 =0 and 13 =0 meet in M,(a) and the S,, 7,=y,=0; also 
that 12’=0 and 13’=0 meet in M,(8) and the S,, 2,=t,=0. The four 
quadrics meet in a composite curve whose index numbers are 16, —16- 8, 
This composite curve has the four parts: 

(a) 123 =0, 123’=0, with index numbers y,=9, y,; 

(b) 123 =0, 2,=+t,=0, with index numbers 3, —16; 

(c) 2x,=y,=0, 123’=0, with index numbers 3, —16; 

(d) #,=y,=0, 2,=+t,=0, with index numbers 1, —4. 
























But the pairs (a), (b) and (a), (c) each have six common points; the pairs 
(b), (d) and (c), (d) each have two common points; while the pairs (a), (d) 
and (b), (c) have no common points. Hence the index numbers of the four, 
according to (24), are 16, (y, —16—16—4—2-16). Comparing these with 
16, —16-8, we find that y, = — 60, which verifies the theorem. 

These examples emphasize the fact that considerable caution must be used 
in accepting as general theorems which have been proved only for the cases 
where some or all of the manifolds concerned are regular. 


BALTIMORE, October 1, 1913. 











The Canonical Types of Nets of Modular Conics. 


By Awsert Harris WILSON. 





InTRODUCTION. 


1. In this paper is treated the following problem. Given three ternary 
quadratic forms, 


C,=ag3 + hd ity +b G+ 29tite+ deta tet, (i=1, 2, 3), (1) 
belonging to the GF (p") ; it is proposed to reduce the net of forms 
R=2C,+yC,+2C, (2) 


(x, y, 2 likewise in the GF (p") ), to canonical types by means of linear transfor- 
mations operated simultaneously on the ¢;, on the one hand, and on the 2, y, 2, 
on the other. The ?, will be referred to as the variables, and the z, y, 2 as the 
parameters; and a transformation of these latter (which replaces any C by a 
linear combination of the C,), as a parameter change. By canonical types is 
to be understood what is usually implied by that term in algebra; namely, types 
equivalent in the aggregate, under the transformations mentioned, to the nets 
(2), and which contain the minimum number of arbitrary constants, such con- 
stants as do appear being invariants of the net. 

The analogous problem for the ordinary complex-number field has been 
completely solved by Jordan.* In this field the vanishing points of the C, are 
curves of the second order, and the discriminant of the net is a cubic curve, the 
locus of the points (x, y, 2) for which the quadratic R(t,, t,, t;) =O is degen- 
erate. The treatment is based upon the invariant theory and the geometric 
properties of the cubic, and the canonical forms are derived in an elegant man- 
ner. They are sixteen in number, classified by the mutual relations of the three 
curves C,;=0 and the form of the discriminant. 

In the finite field the analogy of geometry may still be useful. The van- 
ishing points of the quadratics are conics in the Veblen-Bussey finite geometry,t 





*C. Jordan, “ Réduction d’un réseau de formes quadratiques ou bilineares,” Journal de Mathéma- 
tiques (1906), 7. 

+ Veblen-Bussey, “ Finite Projective Geometries,” Transactions of the American Mathematical 
Society, Vol. VII, 1906. 
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and those of the discriminant of the net a cubic curve. Unquestionably the 
most advantageous method of attacking the problem would be the usual one of 
a classification based upon the discriminant; but the theory of the cubic curve 
and its invariants in finite geometry is at present in so undeveloped a state 
that little progress could be made with it. Under the circumstances it has 
seemed best to make use of the following purely algebraical method, though 
aid is attimes derived from geometrical intuition, and frequently geometrical 
nomenclature is employed. 

2. Analysis of the Problem. The net (2), R=2C,+yC,+2C,, regarded as 
a quadratic in f¢,, t,, tg, R=,,t7-+ 2ayot tot Cools + 2A,gt tg + 2Aggtoty + AggtZ , has for 
its discriminant 

GQ, U2. Ag 
D=] dq, M2 Ang |, 
M3, Aza Ags 
a ternary cubic form in 2, y and z. The discussion of the net may be sepa- 
rated into parts according to the rank of the determinant D. 

In the first place, the case of the identical vanishing of D (for all values 
of x, y and 2) may be excluded, as this would mean that the ternary quadratic 
R(t,, t,, t3) was reducible to a binary form. Also the case where the quad- 
ratics C, are not linearly independent may be set aside, for then the net degen- 
erates into a family of two forms, or into a single form. The determinant 
may then be of rank 1, 2 or 3, meaning by this of minimum rank 1, 2 or 3 for 
any values of x, y, 2 not all zero; and it is on this basis of division that the 
problem is discussed in what follows. 

D is of rank 1. Values of 2, y, 2 exist (always excluding s=y=z=0) for 
which the first minors of D vanish simultaneously. In this case the net con- 
tains a unary form; and conversely, values of x, y, 2 which make R a unary 
form will cause all the first minors to vanish. | 

D is of rank 2. Values of x, y, 2 exist which will make D vanish, but no 
vaiues exist which will cause all the first minors to vanish. In this case the 
net contains a binary form, but no unary form; the converse of this statement 


is likewise true. 
D is of rank 3. No values of 2, y, 2 exist for which D vanishes. The net 


in this case contains neither a binary nor a unary form. The existence of this 
net is in itself remarkable and occurs only when the coefficients of R are sub- 
jected to narrow conditions.* 





*The discriminant cubic is the locus of the points (a, y, z) for which the corresponding conic degen- 
erates into two lines or into a double line. The above classification of the discriminant is then a classifi- 
cation of the nets into those which contain (i), degenerate conics which are double lines; (ii), degenerate 
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Part I. Tue Discriminant oF THE NET 1S oF Rank 1. 


3. Separation of the Cases. There is by hypothesis a unary form in the 
net, and we may set C,=t{. Then by a parameter change, subtracting C, from 
C, and C,, 


C,=at?+bt,t,+ct2+dt,t,tet,t,, Cy=a’t?+b'tt+c't+d't,t,+e't,t,.* 


One of the following three cases must exist: 

(a) No one of the terms #3, ¢,t,, t appears either in C, or C,. 

(b) One or more of the terms #3, t,t,, t] appears in one form of the net, 
but not in the others. 

(c) The terms #3, ¢t,t,, 43 appear in both forms, C, and C,, in such a way 
that this case is not reducible to (b). 

4. In the first of the hypotheses, (a), writing the forms C,, C,, C,, in 
order, to indicate the net, we have ¢7, at,t,+bt,t,, a’t,t,+b’t,t,, which is 
obviously readily reduced in all cases to 


t+ ott, Dh DE (4) 
5. In the second of the hypotheses, (b), of § 3, the net is 
2, att,+bt,t,, ftd'tt,te't,t,, (5) 


where f represents the binary quadratic a’t}+b’t,t,+c'tj. f may be trans- 
formed, without affecting the forms of C, or C,, into one of the following: 
(2, t2, t3+¢2, or t3-+vt}, where v represents a particular not-square.{ The last 
two forms are usually treated together and written ¢j]-+ mt}, where m=1 or v. 





conics not double lines; and (iii), no degenerate conics. Imaginary points are not considered in this paper. 
a be the number of points 
in a linear space, Sz. The linear system of conics are in one-to-one correspondence with the points of an 
S,. The number of nets of conics is the number of planes (S8,’s) in S;. A plane is determined by a 
Ps(Ps—Po) (Ps—P,) 
1:2°3 
the second point (any point except the first) in P;—P, ways, and the third point (any point except 
those on the join of the first two) in P;—P, ways. But the same plane is determined by any triangle in it. 
P, (P:—Po) (P2—P,) P;(Ps—Po) (Ps—P,) 
1 3 


roper triangles. Hence there are — ea eee i) 
2s iii 8 P, (P,—P,) (P:—P,) 


The number of nets of conics can be gotten as follows: Let Px= 





proper triangle. Such a triangle can be chosen in ways in S;; the first point in P,; ways, 


planes in S; 





In a plane there are 





or nets of conics in S,. 

*In the processes of reduction the letters representing the coefficients are usually repeated, even 
though they are in the course of the transformation replaced by combinations of the coefficients; for only 
the types are sought. Only when special values (such as 0) may arise, which affect the validity of the 
results, is it necessary to attend to the actual values of the coefficients. 

+ With these same numerals the nets are listed in a final summary. 

t Dickson, “Linear Groups,” §§ 168, 169. The process of transformation of at,?+bt,t,+ct,? by which 
the term ¢,t, is eliminated [i. ¢., by t.—t,’—bt,’/(2a), t,=t,’, t;=t,’] we may call, for brevity, completing 
the square on the terms at,?-+-bt,t;. 
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Let f=¢; in (5). Completing the square in C, and making an easy param- 
eter change, we have fj, at,t,+bi,t,, t3+b’t,t,. If here b’=0, there results by 
t;=at,+bt, (as b-0) the single net 


IV. #, #, 2tjty. (6) 
If b’0 and b=0, by t,=b'th, t,=D'ti, 
EB 1, S64, 24Om. (7) 


If b’'0 and b £0, we have, on multiplying the variables ¢, and t, by b’, t?, at,t, 
+t,t,, +t,t,; and by the transformation t,=t,, t,=tj;+at)//2, t,=t;—at,— 
a*t;/2, followed by parameter changes, this net becomes ¢7, ¢}, 2t,t,, which is IV. 

Let f=t,t, in (5). If b=0, the second form C, becomes #,t,; if b=£0, then, 
by the transformation t,=t,, t,=t;, bt,=t,—at;, C, becomes ¢,t,. In any case 
t,t, may be canceled from C,, and we have #7, ¢,t,, t,t, +c’t,t,. If c’=0, directly, 
or, if c’ 0, by t,=t,+c’t,, this becomes 


YY. <@, Se, Oe. (8) 


Let f=t}+ mt; in (5). Completing the square on ¢}+ e’t,t, and mt}+d’t,t, 
in C,;, and making parameter changes, there results ¢j, at,t,+bt,t,, t2+ mt. 
We may here assume that a0; for if a=0, then by interchanging ¢, and ¢, the 
term ?¢,t, is restored in C,. Set, then,a=1. By the transformation t,=t;, 
t,=t,—bt;, t,=t;+bt,/m, provided the determinant 1+b?/m does not vanish, 
the net becomes 

VIL. t?, 2t.t,, t3+mé§. (9) 


If, on tne other hand, the determinant 1+ )?/m of the transformation just used 

does vanish, multiply t, by —b: t{, t,t, +-mt,t,, t3—m?t3, which by t,= (t+ ¢3) /2 

t,= (t;—t3) /2m becomes ft}, 2¢,t,, 2¢,¢,, a net already enumerated as V. 
6. In the third of the hypotheses, (c), of § 3, the net is written 


#2, at2?+btt,tct2+dt,tp-tet,t,, a t2+b'tt,+c't+d't,tt+e'tth. 


Obviously one square term must be present in C, or C,, and this may, without 
essential restriction, be taken to be t3 in C,. If the square be completed on the 
terms at}-+ bt,t, of C,, and t} be canceled from C,, there results 


2, +ct2+dt,t-tet,t,, d'tetyto't?t+d't,t,te't;ty. (10) 
If b’=0, (10) becomes 
#2, t+dt,t,tet,t,, t+d't,t,+e't,t, (11) 








aca oie 
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(as ¢3 must be present in C, by hypothesis). If b’0 in (10), then, by 
b't,+-c’'t;=t, afterwards canceling the resulting ¢,t; from C,, the net is 
#, +ct+-dtt,+ett,, th-+étt+-eth. (12) 
If c=0 in (12), by t,=¢t}, t,=t,—dt\/2, t,=t3;—d’t;, the net reduces 
readily to 
i, t+et,t,, tby-+e't,ty. (13) 
If in (13) e=0, 
#2, #2, tet, te'tyty. (14) 
If in (13) e#0=2 (say), 
ti, t3+2t,t,, tt,te’t,t,. (15) 


If in (14) e’=0, the net is ¢7, #3, t,t,, which is seen to be equivalent to IV by 
interchanging ¢, and?t,. If in (14) e’##0=1 (say), there results 

VI. ei, 688, 2(tt,4+é,). (16) 
The net (15) for e’#0=1 (say) is equivalent to the same net for e’=0, i. e., 
ti, t3+2¢,t,,2(tts+t,t,) tot’, t’3+2tit;, 2t3t3, by the transformation t,=—9t;, 
t,=3 (¢} +2), 4,=2t,+t,—t;, with non-vanishing determinant, 

1X. ti, 2tt,, #t§+2¢,t,. (17) 
In this reduction it is assumed that p=+3. 

If in (12) c= a square (not 0), then, on multiplying ¢, by the square root 
of c, the form C, becomes ¢3+¢3+dt,t,+et,t,. By Cj,=C,+2C,, followed by 
t,=t3+t3, tz=t;—t3, and a parameter change, the net (11) is again obtained. 

If finally, in (12), c is a not-square, set it equal to a particular not-square 
v; there remain for further reduction the nets (11) and 


t?, t+vt2+dt,t,tet t,, ttytd'tt-te'tyts. (18) 
In (11) complete the square on ¢}+ dt,t, in C, and on ¢3+ e’t,t, in C,, and get 
f, t+etd, 8+. (19) 
If in (19) e=d’=0, we have 
ITT. G, &, €. (20) 
If in (19) e=0, d’ 0, or e $0, d’=0, by obvious changes we have 
G, &, 4-24. (21) 


If in (19) e=£0, d’ $0, multiply ¢, by 2/e and get 
ti, t3+2t,t,, t3+38pt,t, , (22) 
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where p is a parameter, arbitrary, except not 0. 


In (18) the squares may be completed to eliminate the terms ¢,t, and t,t, 
in C,, giving 


3, t+-vl2, tytytd'tyt,e't,t. (23) 
If in (23) d’=e’=0, there results 
VII tf, ~2tt,, +f. (24) 
If in (23) d’=0, e’0, or d’ $0, e’=0, 
x. &, tha, Be+ee. (25) 
If in (23) d’£0, e’ 0, then, multiplying ¢, by d’ and t, by e’, we have finally 
XI, 2(tite ttt +e t,), B+at?, (26) 


where a is an arbitrary parameter not equal to zero. 

7. Two of the nets just obtained and not listed by the Roman numerals, 
namely, (21) and (22), may now be included under the net XI (26). 

In the first place, for a=1 in (26), by C3=C,+C,+C,, the net may be 
written ¢{, (t;+¢,+¢;)?, t+¢3; and this, by ¢,=t;, t,=—t:+t,—t;, t,=¢3, 
reduces to ¢7, ¢3, t]+t}+2t8—2t,t,-+2t,t,—2t,t,. Cancel t7, t?, and eliminate 
t,t, and t,t, by completing the square, and there results ¢{, ¢3, t3-+2t,t,, which 
is (21). 

Again, the net (22) may be included under XI (26) fora = a square = 


— 


k?, #1. In fact, if h is chosen so that in. 7, (Which for every ¢ is possible 


unless p"=3), the substitution 


ees 1+k 


2h? 


1+k,, 
Qhk 


‘+? 


ts, t.=t;— DHek | 


t=—2t, =H +S kt en 





will transform ¢{, 2(¢,t,+¢,t,+¢,t,), and t]+k?t] into members of the net 
ati + y (t+ 2t,t;) +2(t3+ 2pt,t,). 

8. Independence of the Nets. It remains to determine whether the nets 
just found are independent of each other; that is, incapable of being trans- 
formed, one into the other, by linear transformations of the variables or the 
parameters. Many of the questions of equivalence are answered by an exam- 
ination of the invariants of the nets. The rank of the determinant shows the 
independence, as classes, of the three classes of nets which are separately 
examined in this paper; no net which contains a unary form can be equivalent 
to a net which contains no unary form. The numerical invariants, the number 








aia ne eee 
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of the unary forms and the number of the binary forms, will in many cases serve 
to distinguish the nets. Further, the form of the discriminant D(z, y, 2), which 
is multiplied in the transformation on the ¢, by the square of the determinant 
of transformation, will aid in answering the question. 


9. As an illustration of the method of reckoning these invariants, con- 
sider the case of the net XI, xtj+2y (t,t, +¢,t,+t.t,) +2e(t{+at3). 


a 
D=|y 2 yl=2y—(a+1)y’2—ry*+axe’. 
yY Y az 


For D=0, (y’—az’?)a=2y3—(a+1)y’z. In the case a=1, the discriminant is 
factorable, and this case should be treated separately; however, here, by § 7, 
the net is equivalent to the simpler one ¢7, t3, t}+2t,t,, of which it is readily 
determined that the number of binary forms, B,=2(p"—1)?*, and the number of 
unary forms, U,=2(p"—1). Excluding the case a=1, distinguish further the 
cases a = a square = k? (not 0), and a = a not-square. 

a=k?, If y=z=0, the determinant vanishes for x arbitrary, only not 0; 
i, e., for p"—1 values. If y and 2 are arbitrary, only not y=z=0, there are 
p’"—1 sets of values; but from these must be deducted the number of sets for 
which the multiplier of x also vanishes (except y=z=0); for these will not 
cause D to vanish unlessa=1. These latter sets given by y= +kz are 2(p"—1) 
in number. The total number of vanishing sets is then p*—1+p"—1— 
2(p"—1)=p"(p"—1). To find how many of these are unary forms, consider 
the first minors of the discriminant: wze—y’, y(x—y), y(y—z), axe—y’, 
y(az—y), az’—y”. Asal, these vanish together only for y=z=0; i. e., for 
p"—1 sets of values of x, y, and z. Hence, finally, B=p"(p"—1)—(p"—1) 
= (p"—1)’, V=p"—1. 

a = anot-square. The multiplier of x can not be made to vanish except 
for y=z=0, for which, for x arbitrary (not 0), the discriminant vanishes. 
Further, as in the case of a=k*. The number of vanishing sets for D is then 
p+ p*—2, or B= (p*+1) (p"—1), U=p"—1. 

10. By an examination of the character of the discriminant and the nu- 
merical invariants, all questions of equivalence are answered except the follow- 
ing: IV may be equivalent to VI, and X may be equivalent to XI for a=v. 
(See pp. 208, 209 for table of nets.) 

If IV is equivalent to VI, then each of the forms ¢{, ¢3, t,t, must go into 
one of the type xt{+2y(t,t,+t,t,) +2t: by a transformation ¢,=at,, t,=bte2, 
tz=C,t; +c tz+cst3, or else t,=at,, t,=bt,, tz=c,ti+¢,t,+¢,t;. By these t,t, 
25 
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becomes a(c,t7+ Cpt ,t.+Cgt,t,) or @(¢,t,t,+¢t3+¢,t,t,) ; but neither of these is of 
the required type. 

11. Equivalence of the Nets X and XI fora = anot-square v. If p"= 
4k—1, i. e., if —1 is a not-square, set v=—1. Then the transformation 


t= 2, Ett Hiek, 4=f-c 
will take each form of X into XT; i. ¢., ¢7, ¢,t,+t,t,, and t3+¢3 into 
Xti+2Y (tte+titst tots) + Z (v3—V3). 
If p"=4k+1 (—1 a square), the equivalence of the two nets is conditional. 
As an example of discussions of this kind, this case is treated in detail. 
The net 2C,+yC,+2C, is equivalent to XC\+YC,+ZC; if C,, C,, and C, 
are severally capable of being transformed into forms of the type XC{+ YC; 
+ZC;. The form t} must go into the form at’[, as there is but one (essential) 


unary form in each of the nets. Hence the reduction is effected, if at all, by a 
transformation of the form 


t=atl, tp=b,t1+bt3+0,t3, t,=e,ti+etst+e,ti, (27) 
of determinant a(b,c,—b,c,). By this the three forms of XI must be trans- 


formed into forms of the type X. Substituting in the last two forms of XI, 
and equating coefficients with those of X, we have the two sets of equations: 


2(ab,+ac,+)b,c,) =X, b+vei?—X’, 
2b,c,.=Z, stvug=Z’, 
2b,¢,=vZ, bst+vucs=vZ’, 
a(b,+c¢,) +6,c,+b,c,=0, b,b.+vc,¢,=0, 
a(b,+¢,) +b,¢,+b,¢c,=Y, b,b,+v¢e,¢,=Y’, 
b,c, +b,c,=Y, b,b,+v¢,¢,=Y’. 


From the second and third of each set Z may be eliminated, and from the fifth 
and sixth Y, giving, 


(A,) b3c;—vb,c,=0, (B,) vb;—b3+ v*c3;—veg=0, 
(A,) a(b,+¢,) +6,¢,+,¢,=90, (B,) b,6,+ve,c,=0, 

(A;) a(b,+¢,) +b; (¢,—¢,) +¢,(b,—b,) =0, (Bz) bs(b,—b,) + ve, (¢,—c,) =0. 
It is readily seen that none of the letters can be 0. Setting from (A,): 
b,=1b,, ve,=c,/l, (60), there results from (B,) /b,=c,, or 1b,=—c,. Sup- 
posing first Jb,=c,, we have /b,=c,=b,=lvc,; and substituting successively in 
the remaining equations, (A,), (A;), (B,), (B,), we find all the coefficients ex- 
pressed in terms of a, as follows: 
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21b,=—(1+vl)a, b,=lb,, b,(1—Pv) =21b,, “a 
ally, ve,=b,, ¢,(1—Fo)=—2P,, (38) 
which will effect the transformation in question, provided 
By?+ 3?v+3lv+1=0. (29) 


As p*=4k+1, v#—1, 1+lv+0, 1—?v +0, the last expression is, to within 
a non-vanishing factor, the discriminant of the transformation. 


Similarly, from the second hypothesis, /b,=—c,, there are derived: 
21b,= (1—vl)a, b, =i, (1—Pv)b,=2lb,, 
C,= —Ib,, ve,=—b,, (1—l’v)c,=206,, (29) 
provided 
By2—32?v+3lu—1=0. (31) 


If either of the equations (29), (31) is reducible, the other is also. Now the 
conditions for the irreducibility of equations in Galois fields has been fully 
discussed by Professor Dickson,* and, in particular, the following result ob- 
tained: The necessary and sufficient conditions that the cubic 2°+bx+c=0 be 
irreducible, are 


(1) —4b'—27c?= a square $0, say 81m’, (32) 
(2) : (—c+mV—3) = a not-cube for field [GF (p"), V—3]. (33) 
Multiply the roots of (29) by v and write J—1 for /, and it takes the following 
form: 2+3(v—1)l—2(v—1)=0. The conditions for irreducibility are now 
(1) —108 (v—1)®—108 (v—1)?=81m?’, 


(2) 4 [2(v—1) +mv=3] = a not-cube in (GF (p"), V=3}. [ 


The first condition requires that 3 be a not-square (as p*"=4k+1); hence 
p"=12k+5. Take v=—3, then m=8, and the second condition requires that 


ols 1 ite 
4(—1+ V—3), or equally, that 5; (—1+ V—3), shall be a not-cube. This latter 


number is w, a cube root of 1. If now w=7'*, then w&=7°=1, where +1, 
rin GF(p™"). Hence 9 is a factor of p*—1; but as p"—1=1 (mod. 3), it fol- 
lows that p"+1=0 (mod.9). From p"*=12k+5 follows then k=1 (mod, 3). 





* Bulletin of the American Mathematical Society, October, 1906. 
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Hence the equation /v?+3l?v+3lv+1=0 is reducible, and the net X equiva- 
lent to XI, except for p"=36k+17; and it results from equations (A,), ...., 
(B,) that in this latter case the nets are not equivalent. 


Tue DISCRIMINANT OF THE NET IS oF RANK 2. 





Part II. 
12. Separation of the Cases. There is by hypothesis a binary form in the 
net, but no unary form; hence we may set 
C,=ti+mt}, (m=1 or v, a particular not-square), 
C,=at?+ bt,t.+ct,t,+dtats+et2, (35) 
C,=a't?+0't,t,+c't,t,+d'tet, +e't2, 
canceling ¢] from C, and C,. Under any circumstances we may take e=0. 
If also e’=0, cancel t,t, from C,, and write the net: 
+mt2, at?+bt,t,tctt,, wt2+d'tt,+c'tt,+d'tyty. (36) 
If e’0 in (35) the square may be completed to eliminate from C, the terms 
t,t, and t,t,,and the net be written: 
24+mt2, at?+bt,t.+ct,t+dtt,, a’t?+b't,t,+22. (37) 


13. In the net (36) distinguish the cases c=0,c+0. If c=0, then b=0; 
otherwise a unary is present. Setting b=1, and canceling t,t, from C,: 


titmt;, at?+tt,, a’tite’t,t,+d’tt,. (38) 
If c’£0, then, by t;=at,+bt,+ct,, and canceling t,t, from C;: 
2+mt2, tty, a't2+0't,t,+d'tel,. (39) 
The net (38), by ¢;=at,+t, and parameter change, becomes 
#+mt2, tt, at+te'tt,td'tt,. (40) 


Since c’ and d’ are not both 0 in (40), say c’ $0=1, set t;=a’t,+1#,, and the net 
becomes ¢?+ mt, t,t,, ttg+d't,t,; or, if d’0, ti+ft3, t,t,, ttg+t,t,, on multi- 
plying t, by d’. Write f=r* or f=r’v according as f is a square or a not- 
square; the net is brought, by the substitution ¢,=¢\r+t3, t,=— ; ti—t,, ts =ts, 


into the form 
XII. titvty, 2tt,, 2t,t,. (41) 
The transformation is inadmissible if f=1; but in this case, by adding 2C, to C,, 
a unary results. If d’=0 in (40), net XII is reached directly. 
In the net (39) d’=0 readily reduces to (41); set d’=1. For a’=b’=0 


there results 


XIII. #2 +-mt2, 2t,t,, Qt. (42) 
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If b’0, multiplying ¢, by b’: 

XIV. titmt;, 2t,t,, @t{+2t,t,+2tt,, (8 arbitrary). (43) 
If a’ $0, b’=0, the net is t?+ mt, t,t,, at?+1t,t,. By C,—aC,=C;, followed by 
ts=—amty: t2+mé3, tts, t,(t,+t,). By th=t,+t,: t2+mé2, tytpttyty, tyty. 
Interchanging ¢, and ¢, and multiplying C,, there results: ¢{+ md}, t,t,, tt,.+tts, 
which is XIV for 8=0. 

14. If in net (37) c=d=0, then b+0, and setting ¢t;=at,+bt,, we have, 
on canceling t,t, from the resulting C, and C,, t]+/t3, ¢,t,, a’tj] +t}. As above, 
f may be reduced to v, and multiplying ¢, by Va’ if a’ is a square, and by b if 
a’ =vb?, the net becomes 

XV. +082, tt, t2-+mé2. (44) 


If c and d are not both 0 in the net (87), we may take c£0 and set c=1. 
Then, by the transformation 


, , d / 
t:=t,+dt,, age rs ts=t,, (45) 


2 
if the determinant “ +1=0, the net takes the form 


+mt2, at?+bt,t-+t,t,, a't?+b't,t.+2. 
By t;=at,+t,, followed by a parameter change, we have 
2+mé2, bt,t,+tt,, a’t?+b't,t.+é. (46) 


To reduce this, certain values of the coefficients must be excepted. For 
b=b’=0, the net is easily seen to reduce to XV. For b=0, b’£0, we may 
write t,=b"t;, where b’=m’b”?, (m’=1 or v), and we obtain 


2+mt2, tt,, a’t2+2m’'t,t,+8; 
and finally, setting m’t,=t;, the net becomes 


XVI. ti+Ats, 2t,t,, ytit+2t,t,+4, (47) 
(A=1, v, v’, or v®; y arbitrary). 


In (46), for D0 set t,=bt; and cancel t,t, from C,: ti+ mt}, t,t,+4,t,, 
a't?+b’t,t,+¢3. In this complete the square to eliminate t,t, from C,, and 


obtain 


XVII. t?+mt3, dt7+2t,t,+2t,t,, eti+t, (48) 
(6, e arbitrary, except e0). 
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15. There remains to be considered, from the net (37), the case where 


2 
the determinant of the transformation (46), “+1, vanishes. For this case 


is (ti; +4), i= sit), and easy parameter changes, give ¢,t,, atj+ bt} 


+t,t,, a’ti+b’t3+t3; and this, by t;=at,+t,, becomes 
tte, bt?+it,, o't2+b't2+722. (49) 

If in (49) b=£0, we obtain, on multiplying ¢, and ¢, by suitably chosen 

constants, 
tt, t2+t,t,, at?+at2+#2,  (a=0, 1, or v). 
If A=0, permute ¢, and ¢,, and multiply these letters to reduce the net to 
tit+mt3, tt,, t%+m’t,t,, 

which is XVI for y=0. If 20, by C3=C,—AC,, and then completing the 
square on ¢4j;—At,t, in C3, we have ¢}+ati, t,f,, Ayo t.t,+¢3. Permute here 
t, and ¢,, multiply these letters by suitably chosen constants, and get 


tH2+-mti, tity, pt?-+2m’t,t,+13, 
which is XVI. 
If in (49) b=0, by obvious changes the net becomes 


tit,, tte, At{i+A’t3+43, (A, 2’=0, 1, or v). " (50) 
A=A’=0 is excluded; otherwise C, is aunary form. A=0 gives XIII. 4’=0 
gives XII. 2=A’=1 or v, gives, by C3=2C,+C,, t,t,, tts, (t, +t,)?+mt§; this, 
by t;=t,+#,, permuting ¢, and ¢, in the result, and eliminating t,t,, becomes 
titmts, tytettt,, mti+t3, 
which is included in XVII. A=1, A’=v is equivalent to t}+¢}+ v3, t,t,, t,t,. 
By C\=2C,+C,, t;=t,+t,, and an interchange of ¢, and ¢, in the result: 
t+ot?, tyt,, t2+tet,, 
which is XVI for y=0. A=v, A’=1, gives 
ve +t +ts, tite, tits; 
this net is equivalent to XVII for 5=0, e=m=1 by the transformation 
t=beti—bot,, tp= ti +b t,+b,t,, ts=ti—bti—-b,t3, 
where v(b3+.b3) =1, applied to XVII. 
16. Independence of the Nets of Part II. To use the discriminant to its 
full value in separating the nets, we examine for what cases the discriminants 
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of XIV, XVI, and XVII are factorable. To illustrate the method, the details 
are given for the case of XIV. 
D=2y2+mary?—2 (24+ Bz). Set y=rx+sz in this and simplify. D be- 
comes 
mrs + I2mrsx?2+ (2r—1+ ms?) v2?+ (2s—P) 2’. 


In order that this vanish identically, r=0, s?= =, =2e; then m=1, s= +1, 


B==+2; and for this value of @, y+z is a factor of D=(y+2) (227+ay+22). 
There is evidently no factor free of y. 

Examining similarly the discriminant of XVI, we find that it is never 
factorable. 

The discriminant of XVII, D=ma?2z—may?+ mexze’+ mdayz—y’z, is found 


by the above method to have a factor in case d=0, e= = ; in fact, for these values 


D=(aze—y’*) (mxz+z). The number of binary forms in this case is 2p”"(p"—1) 
or 2(p"+1) (p"—1), according as —m is a square or a not-square. This num- 
ber is the same as that for XV, but the two nets may be shown to be distinct 
by the method of § 11. 

The number of binary forms is calculated as in§ 9. For nets XVI and 
XVII this number appears to be so difficult to calculate, that it seems best to 
take up the question of their independence from another point of view. There 
are, of course, no unary forms in these nets. 

~ It is seen at once that XII, XIII, XIV, and XV are independent of each 
other even for the factorable case of the discriminant of XIV. Moreover, XII, 
XIII, and XIV are independent of XVI and XVII. This leaves for examina- 
tion the relations between the nets XIV, XVI, and XVII. 

17. Relations between XIV and XVI. To examine this we proceed to 
attempt the transformation of the discriminant of one into that of the other 
multiplied by a square. To this end a device is used which depends on the 
following lemma: * 

Lemma. If a ternary cubic form f(a, y, 2) becomes F(X, Y, Z) under the 
linear transformation 


%=AX+BY+CZ, y=A,X4+BY4C,Z, 2=A,X+BY+C,Z, (51) 
and u denotes f(A, A,, A,), then 


10°F ou Ou Ou 


Sam “da * Yaa, * oa, (58) 





* This Lemma and its application are due to Professor Dickson. 
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Proof: If we set 


Ou 
204,’ 


du 
194, 


Ou 
OA 


Ou 
VY Millie 


Ou 


0d,” _ 


Uo=C 


+C 
we have 
F=uX?+upX*¥ +uUcpX’?Z+...., 


10°F =38UX + UpY + Uc = (AX+BY+CZ) 5 


2 0X? 
Heimer ee. 
OA, 0A, 
since by Euler’s theorem of homogeneous functions 
_ , ou Ou Ou 
8u=Aa, -+ tas “fb a Q. E. D. 
Replace, in the discriminant of XVI, y by 20/4; it then becomes 
f=—a2+ 20x2?+Ax?22—Axy’, (A#0). (53) 
Suppose that under the transformation (51) f becomes 
F=@(2YZ?+mXY’°’—-XZ?°—62Z*), (54) 
which differs from the discriminant of XIV only by a square factor. Since F 
— ; = , Ou Ou Ou 
r. — = ——_—- =—_ > bs J 
is linear in X, (52) must vanish, so that a aa. “ea, 0; we have then 


20A43+20AA,—AA{=0, AA,=0, —34}+40443+24?=0. Let the modulus 
p” exceed 3. In view of the determinant of (51), A, A,, and A, can not all be 0; 
hence, taking A,=0, A, 0, A=—oA~'A,, whence A= —o’, A,=0, A=o 14,40. 
In view of the last relation, 2,=2—o~z is free of X. Hence we set 


T=f,, Y=Y,, *=2,+2,. (55) 
Then f=—z2j—ox,z{+07x,y}, and 
%,=AX+BY+CZ, y,=bY+cZ, 2,=1r¥+sZ. (56) 
Of _ Of Ox, aaa  — OF _» 2. F2 . ae 
Now ay “2. ae .=Al(o’y; O21) ay =d?(mY*?—Z*). Since these binary 


forms must be equivalent, the ratio of their discriminants must be a square. 
Thus o/m must be a square; but as in XIV m may be multiplied by any square, 
we may set m=o. By the theory of binary forms the only transformations 
replacing oA (cy{—2?) by d?(oY?—Z?) are 


y,=bY¥+cZ, 2,=+0cY+bZ, (57) 


where oA (b?—oc’) =d’. 
Set in (56) r=+oc, s==+b, and noting the relation (57), transform f 
and equate to F. On reducing the conditions we find that the transformation 
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will replace f by F if, and only if, 
@B=+Ao°c, PC=+3Aobe, ?7B=+b'+30be, P= + 1 c(3b2-+o0’). (58) 


The simplest values of b and c which make the final expression a square, are 
b=0, c=—2, with the upper signs holding. For this choice (57) and (58) 
give d?=40?, A=—1, B=2, C=0, B=0. Hence by (55) and (56) 

e=—X+2Y, y=—2Z, z2=—oX. (59) 
Now the net XIV, with m=o, B=0, is X(tj—ot?) +2Vt,t,+2Z (t,t,+t,t,), while 
the net XVI, with A=—o? and y replaced by 20/4 (as above), is 

a (t’}—o*t’s) + 2ytite+2(—20- "+ tite +03). 
If these are equivalent under the correspondence (59), the coefficients of X, 
2Y, and 2Z must be equivalent: 
2—ot2=t?—2ot't,+o%2—ot?, t,ts=t?—ot?, t,t.+t)t,= —2titi. 

Hence, apart from constant factors, t,=¢}—ot,, t,=—t3, t,=t;+ot;. Thusa 
net of XVI is equivalent to some net of XIV if, and only if, Ay?=—4 in XVI, 

18. Relation between XIV and XVII. By examining these nets in exactly 
the same way as XIV and XVI were examined in $ 17, we arrive at the result: 
A net of XVII is equivalent to some net of XIV if, and only if, in XVII 
m=—1, and 4e+ (6+2)?=0.* 

19. Relation between XVI and XVII. The invariants, S and T, of a 
cubic form furnish the absolute invariant, S°/7”. For brevity write o=Ay’ in 
XVI and Q=de—4d—4e in XVII. The value of this invariant for the two 
discriminants is as follows: 








‘ s*____ (340)? 
xu Tt 16(9-+ 20)?’ 
83 2_485¢)3 
D xvi — (@ oe) 


TT? «6 4Q?(Q?—726e)? 


(first multiplying ¢, and ¢, in XVII by 3). A necessary condition for the 
equivalence of the nets is the equivalence of these two invariants. If we put 
a=o+4, b=Q’?—645e, c=—16de, and then a’=b/c, this condition becomes 


er 
(a’—4) (a’+1/2)  (a—4) (a+1/2)’ 


* The cases of equivalence between the nets XIV, XVI, and XVII just found receive a new interpre- 
tation when the discriminants of the nets are regarded as cubic curves in finite geometry. The discrimi- 
nant of XIV put equal to 0 is a cubic with a double point; that of XVI has a double point if A77+4=—0, 
and that of XVII if m=—1, 4e+ (6+2)’=0. The conditions derived by use of the lemma, namely, 


a 
O4 OA, OA,’ 
are obviously equivalent to the conditions for a double point of the cubic. 


26 
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where a=0, a’=0 are, respectively, the conditions for a double point of the 
cubie curves Dyy;=0, Dxyy=0. 

If we attack the problem of direct transformation of the net XVI into 
XVII, it is possible to express the conditions to which the parameters are sub- 
jected for equivalence, but these conditions are in an exceedingly long and 
awkward form. 












Part III. Tue Discrrminant oF THE NET 1s oF Rank 3. 





20. That nets exist which contain neither a unary nor a binary form may 
be proved from the results of a paper by Professor Dickson.* Setting out 
from the theorem that any field which contains an irreducible cubic f(r) =0 has 
for the norm of the function 7+ry+r?°z a ternary cubic form which vanishes 
in the field only for s=y=z=0, the conditions are determined that the general 
cubic shall have this property. We shall apply these conditions as they are 
derived from a simplified form of the cubic, when, namely, by an obvious trans- 
formation, the terms in ay, xz, and xyz have been made to disappear. Then, 
for the cubic 
































a’ae+d'ay+e're+g’yth'yetk’y2+l 2, (60) 
the necessary and sufficient conditions that this vanish in the field only for 
s=y=—2=—0 are: 





(A) a’q?+d'q+g'=0 shall be reducible in the GF (p"), | 

(B) a’d'h' $0, 

(C) d’k’+3e'g'=0, (61) 
(D) e’h’+3d'l’=0, 

(E) 4de’ +3a’h"—9a’'g'k’ =0. 





21. Reduction of the Net. Thefamily of two ternary quadratics which con- 
tains no binary form may be readily reduced to C,=t{—t,t,, C,=2t,t,+t¢+ at, 
where a has a fixed value not 0. Adjoin now a third form which by hypothesis 
can not be reduced to a binary form; by parameter change it may be written 
C,=2bt,t,+cti+t}+ dt}, the coefficient of ¢3 being put equal to 1, since it can not 
vanish, as C, is not a binary. 

22. The discriminant of the net 


a(t?—2t,t,) +y (2t,t,+¢2+ at?) +2(2bt,t,+ ct? + t2+ dt?) (62) 





is 
u+ce y bz 
D=| y yte —a |=9+c2x*2—ary’—daxz’— (a+d—2b) ryz+ay’ i 
be —x ay+dez + (d—ac) y?z— (ac+cd—b?) yz?+ (b?—cd) 2°. (63) : 


In order to apply the conditions (61) cited above on this cubic, it must be so 





*«Triple Algebras and Cubic Forms,” Bulletin of the American Mathematical Society, January, 1908. 
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transformed that the terms in xz and xyz shall disappear without introducing 
the term xy. Write in D x=2'—c2'/3, y=y’, z=2’, and the term 2?z will dis- 
appear. The terms in 2’y”? and z’y’2’ will become —aa’y?— (a+d—2b)2'y'2’; 
then by 2’ =2", y’=y” —(a+d—2b)e”/2a, 2’ =2", the term in w’y’2’ will disap- 
pear. The result of the two transformations is the cubic (60), where now 


@=«z1, 

ad’ =—a, 

e’ = (8a?—12ab—4ac’—6ad + 12b°?—12bd + 3d?) /12a, 
g =4, 


h’ = (—9a—4ac+18b—3d) /6, 

k’ = (3a®—12ab +4ab?—8abc+ 2ad +12b?—4bd—d?) /4a, 

lV’ = (—27a?+36a%c +162a7b + 108a7b?+ 16a7c* 
+72a*bc—27a°d—72a*cd—324ab? + 216ab?’—288ab’c 
+72abcd+108abd—108ab*d + 36acd?+ 27 ad? 

+ 216b?—108b?d—54bd?+ 27d’) /216a’. 
For these values of a’,...., J‘, the conditions (61) become 
(A) g?—aq+a=0 shall be irreducible, 
(B) a(9a+4ac—18b+3d) #0, 
(C) ab’—2abc+ac?+ 2ad+ 2bd—d?=0, 
(D) 4a’c+9a?b?+ 2a2bc—3a*c?—8a?cd—6ard r (65) 
+18ab’—20ab’c—9ab2d+ 6abe?+ 2abed 
+ 6abd—ac*d + 4acd*+ 3ad?+12b’d—12ba@?+3a*=0, 
(E) a*’—4a*b+ 6a?c—2a*d—5ab?+ 6abc—4abd-+ 2acd + ad?+3d?=0.} 
23. Reduction of the Conditions (65). With regard to condition (A), it 
is easily seen that an irreducible cubic exists for every field. In fact, when 
q’—aq+a=0 is reducible, then a (0) may be expressed as q*/(q—1), and 
conversely. But there can not be more than p"—2 such values (since q0,1) ; 
that is, there is at least one value of a which will make the equation irreducible. 
(See § 25.) 
The key to the simplification of the conditions (65) (C), (D), and (E) 
lies in (C), which may be written: 
a(b—c)?=d(d—2a—2b). (66) 
Suppose, first, d=0. Then from (C), since a0, b=c, while (D) and (EK) alike 
reduce to (a+b)?=0. That is 
b=c=—a, (67) 
while (B) becomes 4a—270. Here, then, in the case d=0, there is a single 
net whose fundamental forms are 


r = (64) 














204 Wuson: The Canonical Types of Nets of Modular Conics. 


ti—2t,t,, 2t,t,+t3+at3, —2at,t,—at{+#3, (68) 
where a is so chosen that a0, 4a—27 $0, and g’—aq+a=0 is irreducible. 
Suppose, next, that d=0 in (66). From (66) we may set b—c=df, 
whence 
2b=d—adf?—2a, | 
2e=d—adf"—2df—2c. om 


For these values of b and c, (D) and (E) become, respectively, 
a’f*+12a?/*+ 2a?f?—20af+a+12=0, m 
(2a°f?—64a7f?—20a?f? + 112af—5a—64) d—a?(a?f*—af+1)=0; (79) 


or, putting 
af=z, (71) 


equations (70) take the form 
24+122°+ 2a2’,—20az+a?+12a—0, 
[ (2a—64) 2—20az?+ 112az—ida’— 64a] d—a® (22—az+a) =a (72) 
24. Discussion of the Quartic (72). The quartic 
2$+122°4+ 2a22?—20a2e+a?+12a=—0 
has one, and but one, root in the field. In the paper to which reference has been 
made in $11, the conditions for irreducibility of the cubic and quartic are 


explicitly set forth; in particular, il is there proved that a quartic has one, 
and but one, root in the field if the resolvent cubic is irreducible. Now the 


resolvent cubic of the quartic in question is 
y>—2ay’+ (—4a?—288a) y+ 8a®'—448a?— (12)8a=0. 
In order to apply the conditions for the irreducibility of the cubic, the term in 
y’ is first eliminated. Set y=2z, and divide by 8 to simplify: 
v—aa’*+ (— a@—72a)2+a°—56a°?—216a=0. 
In this set x=X+a/3: 
X?— (72a+4a?/3) X+16a?/27 —80a?—216a=—0. (73) 

The discriminant of this cubic is 

a°4° (64a°—-9? - 16a®—6 - 27 - 54a— (27)*'=4°a? (4a—27)%. (74) 
Now the cubic x*—ax+a=0 is known to be irreducible, and the two conditions 
for this (see § 11, end) are 


4a—27= a square =81e? (say), 


5 (—a-+aeV—3) = a not-cube in [GF (p"), V—3]. (75) 


Applying the conditions of irreducibility to (73) : 
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4%q?(4a—27)’= a square =—81(8 - 81: ae*)’, 
5 (—b+8- 81 ae* V—3)= a not-cube in [GF(p"), V—3], C56), 
where b=16a°/27—80a?—216a. Using the second of (75), the second of (76) 
is equivalent to the statement 


(—b+8 - 81 - ae?» V—3)/(—a+ae+- V—3) = a cube in [GF(p"), V—3]. 
Multiplying numerator and denominator by —a—aeV—3 and reducing, this 
fraction becomes 36a—36 - 27+ V—3 - e(4a—28 - 27) ; but this is equal to 

9 - 8le?— (27)?+ V—3 - e[81e2— (27)?] =3°(—1—eV—3/3)3. 
It is thus seen that the cubic resolvent is irreducible, and hence the quartic 
(72) has one, and but one, root in the field. 


25. Determination of the Coefficients from the Remaining Conditions. 
Set the single root of the quartic (72) in the cubic (72), and the value of d is 
uniquely determined, provided the coefficient of d in that equation does not 
vanish. By hypothesis the term free of d, (22—az+<a)a’, is different from 0. 
Having determined d, (71) and (69) give /, b, and ¢ uniquely. Condition 
(B), (65), becomes, as a0, a? (27—4a) +d(72’—4az+ 2a’—6a) $0, so that in 
this case also, 4a—27 #0. 

Denote the coefficient of d in the cubic of (72) by C, and the quartic of 
(72) by Q, and examine 

V=2'+122+ 2a2—20az+ a?+12a=0, 
C= (2a—64) 2—20az2?+112az—5a?—64a=—0, 
to determine whether or not they have a common root. The first step in the 
highest-common-factor process leads to the identity 
2(a—32)?Q—[ (a—32) 2+ (22a—384) ]|C=aT, 
where 
T= (4a+72)2—35az2+2a(a+3). 

If Q and C have a common factor, then C and T will have this same factor, and 
conversely. We seek, then, the eliminant of C and 7 which will vanish for a 
common root. By Sylvester’s method of elimination this invariant has the 
following determinant form: 


4a+72 —35a 2a(a+3) 0 0 

0 4a+72 —35a 2a(a+3) 0 

0 0 4a+72 30a 2a(a+3) 
2a—64 —20a 112a —5a’— 64a 0 

0 2a—64 —20a 112a —da’— 64a 





















206 Wison: The Canonical Types of Nets of Modular Conics. j 


From the last two columns a may be removed as a factor. It is then easy to 
see that the highest power of a that can occur is the sixth. 

To complete the proof, we shall show that except for certain low values of f 
p”, a may be so chosen that the discriminant does not vanish. The choice of a 
was such as to make the cubic g?—aq+a=0 irreducible. 

26. For how many values of a is the cubic g—aq+a=0 irreducible? 
If this equation be reducible, a=q*/(q—1), q a mark of the GF(p") not 0 
nor 1. Let r be also one of these marks and determine for what values of g in 


terms of r, other than g=r, the following equation is satisfied: 
q/(q—1) =r/(r—1). 

Removing the factor q—r, we have q?(r—1)+q(r—r)=7", or if r#1, 
(2g+r)?=r?(r+3)/(r—1). Hence, if (r+3)/(r—1) is a square, not 0, there 
are exactly three of the marks which give the same a; namely, the value of 7 
making (r+3)/(r—1) a square, and the two values of q from the quadratic just | 
written. If (r+3)/(r—1) is a not-square, each corresponding r gives a dis- ) 
tinct a. Finally, if (r+3)/(r—1) =0, that is r=—3, q=3/2, and there is an 
a different from all the rest; that is to say, the two marks —3, 3/2 always 
give an a, and it is different from every other a. Let now r run through the 
sequence of all the marks of the field except 0,1, 3/2,and —3. Then (r+3)/ 
(r—1) will take all these values except —3,1,9,and 0. If, first, —3 is a 
square, there are (p"—1)/2 not-squares among the values of (r+3)/(r—1), ’ 
and hence as many a’s. There are (p"—1)/2—3=(p"—7)/2 squares, and | 








































therefore (p"—7)/6 a’s, and in addition the a that results from the two values 
3/2, —3, of r; in all, 2(p"—1)/3 values of a which make the cubic reducible. 
If —3 is a not-square, there are (p"—3)/2 not-squares (r+3)/(r—1), and 
hence as many a’s; (p"—5)/2 squares, and hence (p"—5)/6 a’s, and the addi- 
tional a; in all, 2(p"—2)/3 values of a for which the cubic will be reducible. 

The cubic g>—agq+a=0 will be irreducible for (p"=1) /3 or for (p"—2) /3+1 
values according as —3 is a square or a not-square in the field. This number 
will exceed 6, and hence the discriminant in § 24 be not zero if p" is greater 
than 19. . 

27. It thus appears that there are always two nets in which no binary 
forms occur: one for d=0, 








XVIIL #224 ty, Qtyte + H2+at2, —2at,tg—at?-+#2 ; (77) 
and one for which d+0, | 
XIX. #2 2t,, 2t,t,+#2+at2, 2bt,t,+ct?+##2+dl2, (78) 


where a is fixed, not 0 nor 27/4, g3—aq+a=0 irreducible, and b, c, and d 
determined uniquely by (69), ...., (72). 
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28. The case of p*"=3k-+1 deserves especial notice on account of the 
simple form which the conditions take. In fact, for this field the family of 
two forms may be reduced to x(t}—2t,t,) + y(2ut,t,—t3), wu being a particular 
not-cube.* The net of three forms may readily be put in the form: 

$—2t.t,, Wt tet+t8, Wwt,t.+-st9-+-#2-+-122. (79) 
The discriminant of this net is 
e+ sve—tue’+ (Qur—1) vyz+ wy + wWty?2—sy2?+ (r?—st) 2. 

The conditions that this cubic vanish only for s=y=z=0, are best expressed 
directly as obtained on page 163 of the Bulletin of the American Mathematical 
Society, January, 1908, by Professor Dickson: 

(A’) 2utr+2¢+s?=0, 

(B’) 2s+w?s?t—4wr?s—2urs+3v??=0, 





(C’) 3s?+ 8u2st?—5urt—4urt+t=0, f (80) 
(D’) 2ur—1 +0. | 
By (C’)—3(A’): 
t (8u?st—5u?r?—10ur—5) =0. (81) 


Hence, either ¢=0 or 8u?st—5wr?—10ur—5=0. If t=0, by (A’) s=0; this 
brings us to an alternative condition (page 164 of above citation), 


27u?r? = — (2ur—1)'; 
or, setting ur=w: 
8u*?+15w?+6w—1= (w+1)?(8w—1) =0, (82) 
whence r=—1/u or r=1/8u. Eliminating s? from (B’) and (A’): 


2s—4u7r’*s—2urs+ wWP—2v r= (1—2ur) (2s +2urs+ wt?) =0. 
Therefore, 2s(1+ur)=—vwt?. Squaring this and eliminating s? by (A’), 
—8(1+ur)%t=u't!; and if ¢$0, [—2(1+ur)/ut]’=u, which is impossible. 

Hence ¢=0, and we have the nets: 
t?—2t,t,, t3+2ut,t,, palphiclyseg 


22st, t4+2utyt, t+ (1/4u)- tty. | (83) 
In each case the condition (D’) requires that the modulus be not 3. 
29. Summary. The net R=a2C,+yC,+2C, of ternary forms 
C= abit 2b te t+ bite+ 2G tity t+ tots + cits , 
in the GF'(p"), has been reduced to nineteen canonical types: namely, I, ...., 
XI, which contain a unary form; XII, ...., XVII, which contain a binary form 


but no unary; XVIII, XIX, which contain neither unary nor binary forms. All 
questions of inter-relations between these types have been considered and 
answered, except with respect to the two cases, nets XVI and XVII, and nets 
XVIII and XIX. 





** Dickson, Quarterly Journal, § 8, No. 156, 1908. The examination of the net for pp=3k-+1 was 
also made by Professor Dickson. 
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TABLE 
C, C, C; 
I 2t.t, 2t.t. 

II 2t,te t3+2t,t, 

III t? te ts 

IV : 5 2t.t. 

V t? Qt te tot 

VI ty ts 2 (t,t3+ tots) 
VII E 2t,t, t3+ mt? 
Vill “a 2tots t+ vt} 

IX t? tots #2+2tt, 

X ti 2 (t,t, + tts) t3+ vt; 

XI t? it. 444,444) +at? 
XII t+ vt} 2t,t, 2t,t, 
XIII ti— mt} 2t,ts 2tats 
XIV t?—mt3 2t,t, Bti+2t,t.+2¢.t, 
XV ti+vt5 2t,t, t? + mt? 
XVI t+ at? Qt ts yt? + 2tt-+8 

XVII t?+ mt? Ot7+2t,t,+2t,t, et?+ #2 
XVIII Ons. Qt te +t+at? —2at,t,—at?+t 
2-21. 2t tp ++at? 2bt,t,+c+H+dt 
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OF NETS. 
D B U 
0 p"(p" +1) (p"—1) go ~i 
23 p"(p"—1) p"—1 
Ye age)’ 3(p"—1) 
ye (2p*—1) (p"—1) 2(p"—1) 
xe 2p" (p"—1) p"—1 
2’ (y—2) (2p"—1) (p"—1) 2(p*—1) 
mez (xz—y’) 2p" (p"—1) p"—1 
a(ve"—y’) (p"+1) (p"—1) p*—1 
e—ay’ p"(p"—1) p"—1 
a (ve"—y") —y’2 (p" +1) (p"—1) p"—1 
for a=1 Dan 
— 
2y¥8—(a+1)y2—ay’+axre" oe | p’—l 
fora=v } p"—1 
(g?+-1) (p°—1) 
vue (2p"+1) (p"—1) 0 
for m=1 
3 n "—1) 
x(my’?—2”) ee 0 
for m=v 
(p?-+2)(p°—1) 
for m=1, @’?=4 
ap? (ge? —1) 
for m=1, B? #4 
2  —_— 
2y2 + may Ze (+ Bz) p" (p"—1) f 0 
for m=v 
(g*+2) (9*—1) 
mz (va’?—-vay—y’) 2(p"+1) (p"—1) 0 
—2+ Aye + Aare—A2y’ ? 0 
mene? +2(ma?+ moxay—y?) —maxy’ ? 0 
sp avai ated tak ral aan an ase 0 0 
0 0 
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Remarks. In the above table: 


m=1 or v,a particular not-square. 
A=1, 0, #, er ¢. 
a, 8, y, 6, e are arbitrary parameters, except: 
(i) a, « are not 0; 
(ii) net XVI is equivalent to XIV if ay’+4=0; 
(iii) net XVII is equivalent to XIV if m=—1, 4e+ (6+2)?=0. 
a, in nets XVIII and XIX, is fixed, not 0 nor 27/4, and q—aq+a=0 is 
irreducible. 
b, c, and d, in XIX, are determined uniquely by (69), ...., (72). 
For convenience in tabulating the number of binary forms, B, in XIII and 
XIV, we write in these nets —m for m. 





sein RRR nett pinas ocr casement 








On Long Waves. 
By J. H. M. WeppersBurn. 





The present paper deals with the theory of long waves in a canal of vari- 
able section. As it is easily shown* that any case of variable section can be 
replaced by one in which the depth alone varies, it is assumed throughout that 
the breadth is constant. 

The main object of the paper is to obtain special cases in which the hydro- 
dynamical equations admit of simple solution for the case of progressive waves; 
for most of the known soluble cases, apart from the case of constant depth, refer 
either to motions of an oscillatory character or to a reflected train of waves. 
It is also shown that the problem of waves in a basin which is symmetrical 
about a vertical axis reduces in a simple manner to the one-dimensional ease. 

The ordinary approximate dynamical equations are assumed without any 
attempt to discuss their validity, although, so far as I know, this has never been 
done in a completely satisfactory manner. From the mathematical standpoint, 
then, our problem is merely the discussion of the solution of a certain partial 
differential equation. The treatment of the initial conditions which is given 
involves the discussion of a type of expansion in series which is in itself of 
considerable interest and seems capable of further extension. 

1. The Equations of Motion. Let the x-axis be taken along the canal 
and the y-axis vertically upwards, the origin being at the undisturbed level of 
the liquid. As usual the displacements, parallel to the axes, of a point on the 
surface are denoted by & and y, while h=h(a) represents the depth reckoned 
positive for points below the undisturbed level of the surface. 

For long waves the dynamical equation then ist 








Of ee On ’ (1) 
and the equation of continuity is 
— O(h&) dw 
—_ i (2) 
where 
w=hé. (3) 





* See for instance Lamb, “ Hydrodynamics,” 3d ed., p. 257; and Chrystal, “On the Hydrodynamical 
Theory of Seiches,” Transactions of the Royal Society of Edinburgh, Vol. XLI, p. 614. 
+ Cf. Lamb, loc. cit., p. 240. 
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If 7 is eliminated between (1) and (2), we get 


ws, Aw 
sete 4 
Ot? gh a8 Oa’ ” 
and if & is eliminated, 
Oy re) pony 
ee ei eee 5 
af Ge - 
which, if we set A={dx/h, becomes 
On 9g On 
i Sn 6 
0? = OA (6) 


which is of the same form as (4). 

Although equations (4) and (5) have both been frequently used, the paral- 
lelism between them seems generally to have escaped notice. It is, however, 
of importance; for if w is a solution of (4) for a certain law of depth h=y(z), 


then w,(A) =—0w/dx is, when expressed in terms of A, a solution of 
Pw, 
Gea Ge 


where (2) =1/y(x); so that w,(x)is a solution when the law of depth is 
h= (a). <A repetition of this process evidently leads to the original solution, 
so that the relation between w and w, is a reciprocal one. They will therefore 
be called reciprocal solutions. 

2. Wave Propagation in Two Dimensions. Let the x- and z-axes be taken 
on the undisturbed surface, and the y-axis vertically upwards as before. If a, 
b and c are the initial coordinates of the point 2, y, 2, and &, 7, ¢ the corre- 
sponding displacements, the Lagrangian equation of continuity, 

0(2, y, 2)/0(a, b, c) =1, 

becomes for long waves 


_ (28 | a 
da 


Since £ and ¢ are supposed Pll ot the rn we have, on integrating, 
) 
n=—(b+h) (Se +2) hate, c+2) +h(a, 0), 


which, if a=hé, y=hé, gives to a first approximation 


G+ )-B-E ” 


To the same order of approximation the Lagrangian equations for a point 
on the surface are 
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OE = oy a =a 
a 93a IFC 
or 
a on Oy d 
BEI ag Be = IGG: (8) 
Eliminating 7 by means ay (7), 
a Oy oy 
oe ss oe a) ae ~9 ees * 3a) (9) 


or eliminating a and y, 
ee AS yon " O non. 
ot ~~” \da “< dc 7 


If the motion is symmetrical about the y-axis, we may set 


a Cc 
a=, y=h-, 


(10) 


where R is a function of r= Va?+<¢? alone. On making this substitution we find 
7R OR 10R 1 
= gh(S R), 


oe ae tr or 


Bn _ (8 On, hdr oe 
a 9 \arhar* rar)’ 
which may also be put in the form 
orR ork = 2 On 43 
MET CO BF =9 aes (485) a 


which are of the same analytical form as the a for one-dimensional 
waves. This latter form of the equations is derived directly if we consider 
the basin replaced by an indefinite number of canals each lying between two 
vertical planes which pass through the central axis, the angle between the 
planes being infinitesimal. 

Besides the reciprocal transformation suggested by (6), the equations (12) 
are susceptible of another transformation which leaves the form unchanged. 
Let s=1/r; then 

eR GR 10R 10R 1 

oe 79" Ort ror aR)= ~~ (Set rw 
This suggests the more general homographic transformation discussed in the 
next paragraph. 

3. Generalizing the transformation indicated above by combining with it 
a change of scale and origin, let us set 
ax+b 1 
~ catd ali 


— 


= ced’ 
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then, if A=ad—be, 








2 a a a. Me 
Ox (ca+d)? da’’ Ox? (cut+d)tdu (cu+d)® dx’’ 
and therefore 
0? oe Ow’ . Ow’ 
a ae (ca-+d)w! =20 =~ + (cx+d) = 
_ 2c dw’ —2cA_ ww’ a Le Aw’ 
~ (cex+d)? dv’ (cu+d)? dx’ (ca+d)® dx” 
a 1 (a—cax’)’ Pw’ ‘ 
A  =—- 


so that the equation becomes 





ee (13) 


where 
h, (14) 


h being expressed in terms of x’. The transformed equation (13) being of the 
same form as the original equation, we can derive by this method the solution 
for a considerable range of forms of canal from one particular case. 

4. Certain Soluble Cases. Generalizing the solution for the case of con- 
stant depth, we shall now inquire under what conditions (4) has a solution of 
the form — 

w=f(x)F[0(x) +t], 
F being an arbitrary function, but f and 6 definite functions of their arguments. 
Substituting this value of w in (4) we get 


ghf" F +gh(2f'' +0") F’ + (gh0*—o?) F” =0, (15) 
whence, if F' is arbitrary, 
jf” =20, 2f'0' + 6” =0, gho?— oc’? =0, (15’) 
which on being integrated give 
f=ax+), 6=1/a(ax+b), h=o*(ax+b)*/g, (16) 


where a is supposed not zero and one unnecessary constant of integration is 


suppressed, 
When a=1 and b=0, the corresponding values of £ and y are 


= foF € +at), 


1 1 1 sii 
n=F(- +ot )——F"(- + ot). 
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The reciprocal solution is more interesting, as it gives a law of depth more 
nearly realized in practice. Here 
A= fdt/h=g$du/o'xt= —g/30°2", 
¥ (A) =9/0?at = (3'0°24/9)', 
6(2) =1/a%=— (3072/9). 
Hence, with a slight change of notation, we have the solution 


=x 'F (at tot) —a~'F" (x! +ot), 


n=4}x—'F” (z'+ot), a0) 
when h=9o°x'/g. 
The form of (18) suggests assuming a solution of the form 
w= >f,F™ (@+oat). (19) 
As before, this leads to the following equations: 
0 =0, 
’ + 2/00 +f," =0, 
accacecatentd dienes , (20) 


Here @ may obviously be chosen arbitrarily; but, if the series (19) is to ter- 
minate, we must have @2=0?/gh. 

We shall now investigate some interesting particular cases in which the 
series does terminate. 

The first equation of (20) gives f,=ax+b. There are two cases according 
as a is or is not zero; and it is interesting to find that these two cases are 
reciprocal. 

Let us first suppose that a$0. Then, by a simultaneous change of origin 
and scale, we may set f,=x. If now we assume 0=2’", it is easily found that 
i=, 

k, being calculated by means of the recursion formula 
r(rn+1)k,=—[(2r—1)n+1]k,_,, k==1. 
In order that f,,, may be zero, we must have 
0O=27,0' +f,0" =k,[2(sn+1)n+n(n—1) Joetyr-}, 
which is satisfied if n=—1/(2s+1). This gives 


o? 
h=— (2s+1)2a™, 
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where m=4(s+1)/(2s+1). The following table gives the values of » and m 
for s==1, 2, ....,; 5. 








s m == 
0 4 1 
1 i : 
9 1g £ 
3 1 ' 
4 ap t 
4) it TT 











If a=0, we may assume f,=1, when we readily find that f,=k,2™"; and the 
series terminates after s terms if n=1/(2s+1). This gives 








0 , 4s 
= m ——— i? 22 
h - (2s+1)?a™, m isi (22) 
S m n 
0 0 1 
1 $ 3 
2 $ $ 
3 12 1 
1 if ; 
5 if tr 











In the first case the series of values of m approach the limit 2 from above, and 
in the second case they approach the same value from below. For m=2, it is 
easily seen that the two reciprocal solutions coincide. 

By the transformations given in $3, we can derive the solution from these 
results when 

h=(axr+b)*(ca+d)"/(ex+f)”, (23) 

the coefficients being arbitrary and m having the same values as above; and also, 
as a particular case, the solutions in the first case can be derived from those of 
the second case and vice versa. 

5. The Normal Form of the Differential Equation. Though by no means 
necessary, it is convenient to bring equation (4) to its normal form. 
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Let 6={dx/Vgh, and put 
r=6++4t, s=0—t, k(r+s)=—0" /40"; 
then 
2 
It is interesting to note that this equation is the same as that used by Riemann 
in the theory of waves in air of finite amplitude. 


To obtain a solution of this equation we assume 
w= > m,[F(r) +4 (s)], (25) 
n=0 


where F'(r) and G(s) are arbitrary functions of r and s respectively, and m is 
a function of r+s. Substituting this value of w in (24), we get 


m, —2km,=—m,_,+km,_,, 
whence, if we set m= 2m,2", m satisfies the differential equation 
m” + (e—2k) m’—kem=0, (26) 
where the independent variable is | +s and z is an arbitrary parameter. 
In discussing the initial conditions in $9 below, we shall find that it is 


convenient to replace r+s by a variable g=(r+s)/2. We therefore set* 
m(r+s)=v(q), whereupon the differential equation becomes 


Ga t2(e—x) ‘a —2exv=—0, (27) 
where 
x(q) =2k(r+s). 

6. <A Study of v as a Function of z. In discussing the solution of equa- 
tion (27) we shall assume that g is a real variable lying in a finite range 
W<U<XU+Q, and that x is a real function of q alone which remains finite and 
in absolute value less than K in the range considered, while z is an arbitrary 
parameter which may be imaginary. Under these conditions it is always pos- 
sible to expand v as a power-series in 2, and we shall now show that for certain 
determinations of the initial conditions this series represents an integral func- 
tion of z. 

Let v= v,2"; then 


vi —2xvi=0, vo —2uv, =—2(v5,_,—xv,_,); (28) 





* When it is desired to emphasize the fact that v depends on 2, it will be denoted by v(q, z). 
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therefore 
—_ F asd wuss feeaa, 


= 20 fe IMM (vh_,— avg )dg= — 20 fe (oIv,_,) dg. 


By a particular choice of the constants of integration we have 
vi=bede™=xba, = S,vidq-ta, 
where nine got and 


1d 7 , 
vi=—2af Ve gq (¥o/ Va) date, v,=5,,014q, (29) 


1d 
% =——2 ne ie es | as "d 
v= 2a f Va dq (Yn—v/ Va) dq, Vn=SqUndd, 


where the constants are so chosen that v,=0, (n51), when q=q. 


Let now a denote a mean among the values of a; then 





vi=—2 8% 40g 4-2/4 (—v, ava) +6, (30) 
Vavi Va a 
and similarly for n>1, _ 
a oe (30) 
a 


where of course the value of a depends on n. 
Let N, and N, be the smallest and largest values of |w%|, and set 


L=2WN,/ N, ; and let N,.and M,, denote the maximum values of |v;,| and |v,| 
respectively. It must be noted that L is independent of b, so that 2Va/a<L. 
Using this notation, we readily derive from (29) and (30) that 


M,<N,\q—@| +4, 
Cc 
N,<L(M,+|aa|+!2!), at, <2(at,+ |aat| +12!) ig—asl, 
N,<IM,_,, M,<IM,_,|¢—4\;, 


whence 
M,<L""'M,|q—q|""'< L"M |q—q,|’, 
where 
- iy a lel 
M=(M,+ Jaa | + + > 
Therefore 


N,<L"M |\q—q,|"~'; 


which gives 


M,<L°'M |q—q,|"/n, 
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which in turn leads to 
V,< LM |q—q|""'/(n—1), 
M,,< LM | q—q|"/n(n—1), 
and finally 
N,<L°M |q—q|*-"/(m—1)!, MS L"|q—q.|"/n!. 
We therefore have 
|v| <MSL*|q—q|"|2|"/n!=Metls— all, (31) 
Hence Me”'1—! is a dominant function for v which therefore converges for all 
values of z, and consequently represents an integral function of that variable. 
The choice of initial conditions made above gives v=a, v'’=b+cz when 
q=q.- The reason for this choice appears when we consider the equation 
when x is constant. The solution in this case is 


v—elk—24 [Aewetet Be—wWe+n] , 
where for the sake of simplicity q,=0. The simplest way in which this value 
of v can be made uniform is by putting 4=B, which leads to the same kind of 
initial conditions as the above. There are, of course, other ways in which v may 
be made uniform. 


For reasons which will appear later we make c= —a, so that, when q=q,, 
=b, =a, O1=—a, 0,20, o=0=¢,, (n>1), 
v'=b—az, v=a. (32) 


7. The Asymptotic Expression for v. The asymptotic expression of the 
solution of a differental equation, regarded as a function of a parameter, has 
been the subject of several important memoirs;* but the form in which the 
results are obtained does not appear to enable one to identify the various possible 
asymptotic forms with solutions which are defined with reference to initial con- 
ditions of the type here employed. The method used below avoids this difficulty, 
but it is not applicable to the most general form of equation. 

Let p=qz; then equation (27) becomes 





d?v x\dv = 2xv 
Se i Dee We wat ‘os 
a +21—* oe (33) 
For sufficiently large values of z, v can be expanded in the form 
v(p,z)= 5-2, (34) 
n=0 & 
where 
ve +205=0, vl + 20,= 2x (0,1 +0,-1), (35) 





* Cf., for instance, Birkhoff, Transactions of the American Mathematical Society, Vol. 1X (1908), p. 219, 
where full references are given. 


28 
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the dashes now indicating differentiation with regard to p. Solving these 


equations, we get 
Uj= —2ae—*?, Vj=ae—”+ 8B, 


a and @ being arbitrary constants; and also 
Un = 2e- "Pf e??x(V__1 +0,_1) ap, 
V_,=2fe?le?u(v,_1+v,—,)dpdp. 
We shall first consider the equation which results from putting for x the 
maximum value, K, of |x|. The solution of this equation is 
V (p, 2) —¢(-1) (P—Po) [ 4 e(P— Po) VIF Ke 1 Be ~ (p—po)VIF Kz) | (36) 


If A+B and (A--B)/\1+ K?/2 are uniform integral functions of 1/2, then V 
is also uniform and integral, so that we may write V= SV,/z2", and we can de- 
termine the limits of integration so that V is derived from 


Vp= —2ae—2—P), U,=ae~2(P—Po) + h, 
ere oa ’ ’ 
V,=ce~2—P) 4 Ye 2Pf me XK (Vo+U,) ap, V,=SpaYi4D, (37) 
, on ’ 
Un = 2e ah Pa (Vp—1 + Vs-1) dp, V_ = S pnzUn4D 


by putting K for x. 

If the constants of integration are real, then V is real when p and 2 are 
real; we shall assume that p,, and p,, do not increase without limit as n in- 
creases, so that we can always choose a real value of p so large that V, and 
V;, have the same signas V;,_,+V,_,. For instance, we can put A and B equal 


to the same real constant a, which gives 
, K 
V(p.,2)=20, V"(po, 2)=(=—1)2a; (38) 


while, if p,,=p) (W351), Pr =Po (N51), we get from (37) 
V (Do, 2) =a+b, 


V" (po, 2) =—2a+¢, 


which is identical with (38) if b=a and ¢ is chosen equal to 2aK. If we 
therefore give c this value, the function V, defined by (37) when x=K, is 
identical with the function given by (36). Now 

V,=b+ae—20—P), VotV,=b—ae-20—P») ; 
therefore, if a and b are positive and a<b, pSp, and p>p,,, (r=1, 2), for every 
n, then cV, and V+ V, are positive, and hence V;, and V, are positive for every 
value of n, except »=0, when V4 is negative. 
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Returning to the general case, we shall suppose the limits of integration 
and the arbitrary constants identical with those just chosen for V. The range 
of values of p with which we are concerned is the range of qz, q being real and 
lying between fixed limits, while z is constant but so large as to make |p| 
greater than p,, and p,, for all values of n. Let p=qe=re”; then 

jo, | Sle ort, ore, +o, |e 
Assume now that 


|en—1+v,—1| <1,-,[Vi_1(r cos 6) +V,_,(r cos 6) ], (nS1), 


1,_, being a positive constant, (J,51), and —= <O< 5 . It follows that 








l l 
A ee , << Bet. j 
[v4] S24 V(r cos), | m4 Se V(r cos 8). 
Thenetne luor+v,|< n= 1 [V(r cos 6) +V,(r cos 4) | 


cos? 6 


if r cos 6 is so large as to make V), and V, positive when n>0; we therefore 
set 1,=1,_,/ cos?@, which gives 
l, 
"~~ eos” 6° 
To determine /, we have 
| M+ vo| = |b—ae~2—) | <1, (b—ae- 20— %) 084) 
if b>a we may therefore put 1,=(a+b)/(a—b), and if a=b a short caleu- 
lation shows that it is sufficient to put .=1+2|tan@|. This leads to 
|v| <Z]v,|/]2|"<2V,,(r cos 6)/\z2 cos? 6|"<1,V (r cos 6, |z cos? 6|), (40) 
since the series for V converges for all values of 1/z different from zero. 
Similarly, for v’ we have 
|v’| <1, cos 6 SV, (r cos 6)/|z cos? 6|"<J1, cos 6 V'(r cos 6, |2 cos? 6] ). 
Now, if z=pe", 
Vir cos 6, |2 cos? 6| ) — e(K/p cos? 6 -—1)p(q— 4) cos 67 4 @P(1— 40) cos 6V1-+ K2/p? cos* 6 
+ Be-4—%) cos 6 V1+ K2/p? cos# a ; 
p cos? 6V’(r cos 6, |2 cos? 0] ) = 
e(K/p cos? 6—1)9(q— 40) cos 6 (K—p cos? 6+ Ve cost 0+ K?) Ae?4— %) eos 6V1+ K2/p? cost 6 
+ (K—p cos? 0— Vo? cost 6+ K?) Be~°@—%) cos 6V1+ K2/p? cost 41, 
These are respectively asymptotic to 
Aek4—%/°e86 gnd AK ek(4—%)/ cos * 


and therefore |v| and |dv/dq|=|zdv/dp| remain finite as z approaches infinity 








in the region S defined by —F <O< 5 A 
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When q=q, V(r cos 6, |2 cos? 6|) is asymptotic to 4+ B; and if, in addi- 
tion, A=B, then V’(r cos 9, |2 cos? 6|) is asymptotic to 24K /p cos? 6@—2A. 

From (40), 1,V(rcos 6, zcos?@) is a dominant function for v(p, 2) as 
regards 2, and 1, cos 6V’(r cos 6, 2 cos? 9) is a dominant function for v’(p, z), so 
that ov 
Oz 
Oy 
Opdz 
ev 
02? 
and from these three relations we find, after a short calculation, that zdv/dp, 
2°0’v/dpdz and 2°0*v/dz* remain finite as p approaches infinity. 

If we now assume that dA=R=a=b, we have, when p=p, or q=q; 





<1,|OV (r cos 8, p cos? 4) /dp|, 


<1, cos 0|@V (r cos 0, p cos® 6) /Apdp|, 





<1,|2V (r cos 6, p cos? 8) /dp?| ; 





dv (Do 
(Py, 2)=2a, PUP =) Log 4S. 
But dv/dp=dv/zdq, and therefore 
dv 
dq =c—2az, (d=). 


These initial conditions are of the same form as in (32), b being replaced by 
candaby 2a. It follows that v is an integral function of 2 when p is replaced 


by qz. | 
Now v, regarded as a function of 2, remains finite in the region S defined 
by = <O< af and approaches a definite limit as 2 approaches infinity ; hence 


in the same region zdv/dz and 2°d?v/dz" remain less than some finite quantity. 
But as gt FY Ov ev 
1 Opt + "4 apae + Get? 

and in this equation ae dz", qz°0?v/dpdze and 2°077/dz? have been shown to be 
less than some finite quantity in the region S; hence the same is also true of 
2°0°v/dp’, and therefore of 0?v/dq?. Now 

ev Ov 

aS 2 a 0 

oq? 2x a (F xv) = ; 


and we may therefore set 


5 —w=(55 i ene, ze 


where U remains finite as 2 approaches infinity in S. Hence 


€) qoK44 o 
v=aesa™t 4 —* f e Sao#1U dq. 
z qo 
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In this expression we know that U is finite in S even when q=q,; hence v is 
asymptotic to 
in* 9, 

8. On an Expansion of an Arbitrary Function in Terms of v. We shall 
now regard v(q, 2) as a function of g and 2 alone, choosing the arbitrary con- 
stant so that 


ae § a 


dv 
a 
' dq b—e 


when g=q,, so that in S 
v(q, 2) ~ esa, 


Now it is readily shown that 
u=e—*(— %)y(q, —z) 
satisfies the same differential equation as v. Differentiating, we have 
eae hee [v’ (q; ~—ft) —22v (4; fl) 1, 
so that when gq=q, 
excl, w=—b+2—22=b—ze. 
Hence u=v, or 
v(q, —-2) =e*4— y (q, 2). (41) 

The rest of this paragraph follows closely the treatment of one of Cauchy’s 
proofs of Fourier’s development, which is given in Picard’s Traité d’ Analyse, 
t., II, p. 180, to which we refer the reader for some of the details of the argu- 
ment. The method depends on the integral 


Tv 


if 31§ (re) —F(—re%) Jerdg, sides 


2 
which is equal to the sum of the residues of the analytic function %(z2) inside 


the circle with center at z=0 and radius r._ A special form is chosen for }(2), 

and then the limit of (42) is investigated as r approaches infinity over a 

sequence of values so chosen that no circle passes through a singularity of the 

integrand. When this limit exists, it is equal to the sum of the residues of (2). 
Cauchy sets 

% (2) _ ¥(2) f(z 9) 


n(z) 





? 


where y, 2 and f are integral functions of 2, f alone depending on the param- 
eter g. The main difference in the investigation given below is that y and a 
are also taken to depend on q; otherwise the conditions are very much the same 
as in Cauchy’s development, being varied only by the special form assumed for y. 





* That this is also true on the boundaries of § is shown by Birkhoff, Transactions of the American 
Mathematical Society, Vol. IX, p. 219. 
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We shall first of all put 
q 
fe =f ef (u) dy, 
1 


f being a real integrable function which satisfies Dirichlet’s conditions. 
A sufficient condition for the convergence of the integral (42) is that 


he V(z2 sak e*—9F (u) du— 12S a KL (43) 


(2) vr 








shall approach a definite limit as 2 increases, so that its real part remains 
positive and its modulus takes on the increasing sequence of values r,, 7, .... 

Departing slightly from Cauchy’s conditions, we suppose that (2) /2(z) 
approaches a definite limit c, while e’)(—z)/n(—z), (b=q—gq,), tends in 
general to zero. The second part of (43) can then be written 

—— ez(q— me fe e-— 0) t (uw) du, 

and therefore approaches zero under the given conditions.* The first part 
approachest 


$c lim ef e-*-"f (uw) du=4ef (q). 


def a) =B Gy S eof wae, (44) 


where A, is a root of 2(z), and the amie: extends over all the roots. 
Similarly, if b=q,—q and 
q2 
f (2, 4) =f eG OF(u)du, 
q 


and C is put for c, the same conditions lead to 
% ; 
Of (q) =E EY feof (ude (45) 


where of course ¥ and x are not iosadoe the same as before. 
Let us first set 
P(2) =eret1-™y(q, 2) =ee-24+ yg, —2), 
n(2) =e*?(I—%) (e*—1), 


Hence 








Then, in S, 











= tien VE) = tn OO #) Sete 
c= -_ a =* im ~(xa=@) (eT) = e)% 
v(—2) 0 7; geet hy (¢g, 2) 
a ae ca _— e=*@=w) (eT) 0, 


provided 


2(g—q) +b <a. 
¢ Cf. Picard, loc. cit., p. 183-184. 





* Cf. Picard, loc. cit., p. 182-183. 
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Hence, if 2,=2in/a, (n=0, +1, +2, .....), denote the roots a(z), we have 
t re) q 

geJui* f(g) =— ¥ v(q, Aq) f emt PF (u) du. (46) 
=o 1 


Using now the second form of f(z, g), we shall set 
¥(2) =e (q, 2) =e" v(q, —2), 
n(z) =e?4—-%) (1—e-%”). 
Then 
G'x lim Y (2) — eSqK44 —¢ 
n= %(2) 
as before, and 





(2) op ye ROH MY (Gy 2) 
fim m(—2) © ae ew (Len) 
provided 
2(d—%) +b <a. 
Hence 
i 1 » ™ 
feumtf(q) == 3 0(q,%,) f e*@-PF (u). (47) 
Bi! A 
Adding (46) and (47), we arrive at the final form 
ro) q2 
eSuttif(q) == 3 v(a, ay) f Of (udu, (48) 
provided in 7 


2 (d—Q) +qI-@, <a, 
2(¢—) +42—4 <4. 

The form of these inequalities shows that we may put g,=0 without loss 
of generality ; and having done so, we easily find that, if g is any number in the 
interval q,<q<q,, then the maximum value of q, is (2a—q,)/3, while g,<a/2. 
We may, for instance, put g,=0, which gives g,=2a/3. 

It should be noticed that if q, and q, lie between 0 and a, then the series 
given in (48) still converges if the factor v(q, 4,) is omitted from each term, 
as is easily seen by comparing (48) with Fourier’s expansion. 

9. Initial Conditions. The only type of initial conditions which we shall 
consider is the case where the profile of the wave and the horizontal velocity 
of particles on the surface are given as functions of x when t=0. Expressed 
in terms of w, this means that dw/dxz and 0w/dt are given as functions of x 
when ¢=0. 

Now 

de (20, a), 2 _ dw _ dw, 
Oa or ds 7’ Ot or Os ’ 
we may therefore set 
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Go , ow _ aya) 
Or os dq ’ 


(r=s=q), (49) 


Ow Ow 
~~ wa =(q), 


where y is a given function of q and ¢ is determined to an additive constant. 
When r=q=s, the form assumed for w in (25) becomes 


w= 2 v,(2) [F™ (gq) +G™ (q)] 
= 3 v,(q)H(q), = 


where H(q) =F (q)+G(q). Inserting this value of w in the first equation of 
(49), we get 





9 = = (vi +01) H (9) 


or a 
o= 2 v,(q)H (4); (51) 

and similarly, if K(q) =F’ (q)—G’(q), 
v= = ry, LF (q)—@ (q)1= & 0,(q) K (a). (52) 


We shall now proceed to make use of the developments of the preceding para- 
graph in showing that we can in general determine H and K to satisfy the 
initial conditions. 

Assuming that H and K are expansible in a Fourier series 


H(q)= Sa,e",  K(q)= > 6,e™, (53) 


and that these series can be differentiated term by term, we have, from (51), 
o= > v,(q) > a,azerm? = > a, > v,(q) ane? 
r=0 r—0O 


rza=—-@® zs= — © 


= 3 a,v(q, a,)e™*. (54) 
This expansion is of the same form as (48), where, if 


di =e SaX@M@, (55) 


we have 


= 5 a,v,(q Ae", 
== (q, a,) (56) 





a 1 Qe aii 
a,=7 fe $1 (u) du. 


Giving a, this value in (53), the series derived for H satisfies the required con- 
ditions if these same conditions are satisfied by the Fourier series of the given 
function ¢. 
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Similarly, for K we obtain 


1 q2 
By=— f eb, (u) du, (57) 
where y,=e7 SqX@%q), (58) 
From this we easily deduce 
F(q) =3(H(q) + f K(u)dul, (59) 


G(q) =4[H(q)— f K (ual. 
The form of (56) suggests another form for w which makes it unnecessary to 
introduce functions having derivatives of every order. 

Assume 

w= v,[4(r+s), a,] [a,e"+8,e™"], (60) 
where the summation extends over any sequence of values 4, for which the 
series converges together with its first and second derivatives. It is easily 
verified that this series satisfies the differential equation for w, and the discus- 
sion of the initial conditions then proceeds as before. 

10. Some Special Methods. We have seen in the preceding sections how 
to find a solution for any case in the form of an infinite series, but in some 
particular cases there are more convenient methods. 

Let h=ka; the equation for y then is 

On Oo / On 

ae "9 aa\" aa 
a particular integral of which is* 

n=AJ,(nx') cos not, 


where n is arbitrary and o=4Vgk. This solution may be written 
n=B { *cos (nz* sin 6) cos notdé 
0 


Bat 
a 3 S's [cos n(2? sin 6+<ot) + cos n(x’ sin 6—ot) ]d0. 
0 
Hence we have as a solution 
n= { (F(a! sin 0+ot) +F (a! sin 6—ct) ]d6, (61) 
0 


F being any even function which can be expanded as series of cosines. 
This gives two wave systems travelling in opposite directions. Each part 
is not, however, by itself a solution. For if we put 





* Cf. Lamb, loc. cit., p. 259. 
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— (ER (ej 
n= f F(z sin 6+<ct)d6, 





we get 





On 0 / on 
ae 9 aa\" ae 
This shows, however, that if G is any odd function, 
n= {7 1G(a! sin 0+ot) —G(z' sin 0+ ot) ]d6 
0 
is a solution, and since any function can be expressed as the sum of an even 
and an odd function, we readily derive a solution in the form 
n= {LF (a sin 06+ot) +F'(—z! sin 6+ot) ]d6. 
0 


In certain cases it is possible to determine F in (61) to satisfy given initial 
conditions. To show this let ~=z sin? 6; then, if 7, is the value of 7 for ¢=0, 


my=2 [FF (a sin ptt = if" dy. 


A solution of this integral equation was obtained by Abel* in the form 





) =—o?w IF” (at). 












rv 2M 
} F) 
F (4) -¥ Wo 






0 
when y satisfies the following very general conditions: namely, 7, (i) is contin- 
uous, (ii) has a finite derivative in the region under consideration, and (iii) 


vanishes for x=0. 

This is a solution for which 07/dt (and therefore also 0£/dt) is zero when 
t=0. 

Instead of forming the reciprocal solution, we shall investigate independ- 
ently under what conditions there is a solution of the form 


w=f fF (¢ sin 0+ot) +F'(@ sin 0—st) ]d6, 
0 
where f and ¢ are functions of x. Let 
w=f fF (p sin 6+ oct) dé; 
0 
substituting in (4), we get 
9 r ” _ h ” : to? 0s 12 $ oe 12 tpg 
off F" d0=gh(f J Fd0+ (2f'o' +fo” —fo /)f F’ sin 6d0+fo J, F" d6] 


ghip” 


*See, for example, Bécher, “ Introduction of the Study of Integral Equations,” 1909, p. 6. 













- (ot), 
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whence 
r =z), 
12 
are +19" — 2" —0, (62) 
gho”—o*=0, 


and F’ is an odd function. 
Integrating the first two equations, we have 
faartb, S =k, (a0), 
7 (a=0). 
Taking first the case a=0, let f=1; then ¢=e", the constant of integration 
being absorbed in o, and 


2 
h= = erm, 
gk? = a . 
f= een [F (e* sin 0+ot) +F(e sin 6—ot) ]d6, (63) 


n=—ke™ { ®[F’(e# sin 6+ot) +F’(e* sin 6—ot) ] sin 6d6. 
0 


This solution is the reciprocal of (61) except that k must be replaced by $k. 
If a0, we may_by a change of scale and origin set f=, which gives 
o=e-*/2, h=orx'e?*/*/ gk, 

We have already found that there is a solution w=f (x) F (6+ct), 
F being arbitrary, only when h=(ax+b)*. If, however, F is not arbitrary, a 
solution of this type may be found for any form of canal. 

Since the coefficients in (15) are functions of x alone, while F is a function 
of 6+<ct, this equation leads to 


ghft?—of 1 





ghf” a (os) 
and 
h(2f'0 +6” ) , 
. ghf?0?—of =8, com 


a and @ being constants. /F must therefore satisfy the equation 
F’” +@6F’+aF=0. 
We shall first consider the case @=0. In this case we have 


F=C cos u(6+01), Panag 


also 


27° +16" =0, 
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whence 
P=k, 
and, from (64), 
2g? i 
eT eR P ne 


so that when h is given f is determined. In practice this equation for f is 
intractable, but interesting cases arise on giving f particular forms. For 
instance, if f=2", we get 





ie uo?a*” 
~~ g[w2—n(n—1) a4*-2]’ 
glue —n( ) ] (67) 
gin 


ae sc (n# 3), 


and for n=4 
6= log z. 
The latter case is interesting as giving a particular solution of the self- 
reciprocal case previously referred to. 
Another soluble case is obtained by setting f= (a#’?+bx+c)". 
If instead of putting 8=0 we assume gh@’”—o?=0, or 1/a=0, the equation 
to be satisfied by F' becomes 


' r = 
ae = al 
and 
—_— _ 
of +70" = constant =y 
or 


fg ft yg" =, 
the normal form of which is 
uv + rr v=0, fey. 
Hence 
w=vet™, 
which is equivalent to the ordinary harmonic solution of (4). The equation 
can also be normalized by changing the independent variable x to 2,=fe?”dz, 
which gives the solution 
w=v (fe'"dx)e—V=™, 


PRINCETON UNIVERSITY, June, 1912. 











On a Certain Completely Integrable System of Linear 
Partial Differential Equations. 


By E. J. WiuczynskI. 





Introduction. 


From the point of view of projective differential geometry, developables 
and ruled surfaces require a special discussion, on account of their many 
exceptional properties. These exceptional properties manifest themselves 
analytically by the fact that, for these surfaces, the differential invariants of 
lowest order are equal to zero. If a surface is neither a developable nor a 
ruled surface, its absolute invariants of lowest order are those which have 
been denoted by the author by J and J. Ina certain sense, then, those surfaces 
for which J and J are identically equal to zero, are to be regarded as consti- 
tuting an especially simple and fundamental class. 

I have shown recently,* that these surfaces are the integral surfaces of 
the completely integrable system of partial differential equations 


Py , Py , ee 
ae t Ay tout ay =9, 


ey 99Y ' = 
ae Fay ee 


(S) 


where c,, c, and c, are constants, and I have studied in detail the case c, = 0. 
The system (S) is then capable of integration by means of elementary functions, 
and the corresponding surfaces, for which, of course, /=J=0, have the further 
property of being invariant under a continuous group of projective transfor- 
mations. If c,+0, no such group exists, which leaves the surface invariant, 
and the problem of integrating (S) can not be solved in such a simple manner. 

The directrix curvest of any integral surface of (S) form a conjugate net, 
whether c, vanishes or not. Upon this remark may be based a transformation 
theory of system (S) which we hope to discuss on some future occasion. The 





* «On a Certain Class of Self-projective Surfaces,” Transactions of the American Mathematical 
Society, October, 1913. 

; For the notion of directrix curves, cf. a paper of mine in the Transactions of the American 
Mathematical Society, Vol. IX (1908), pp. 114-120. 
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present paper, however, is merely devoted to the integration of system (S) in 
the case c, #0. 

In order to accomplish this integration, we find it necessary to solve the 
following problem: To integrate a certain completely integrable system of 
non-homogeneous linear partial differential equations, when the solutions of 
the corresponding homogeneous system are known. Since I have been unable 










to find any discussion of this question in the literature, the first two sections 






of this paper are devoted to a solution of this problem in so far as it is needed 
for what follows. It then becomes possible to prove the existence of various 
kinds of solutions of system (S). The most interesting of these can be written 
as an exponential function, multiplied by a series of positive integral powers 







of c,, the coefficients of this power-series being polynomials in wu and v. 
A number of methods will be given for calculating these polynomials and for 
studying some of their properties, but I have been able to find a perfectly 
explicit formula for only some of them. 

The solutions of (S) are found to satisfy integral equations of a peculiar 
kind, involving integrals of exact differentials. A more detailed discussion of 
such integral equations will be given in a separate paper. 











§ 1. Integrability Conditions for a Non-Homogeneous System of Linear 
Partial Differential Equations of the Second Order. 







Let us consider the non-homogeneous system of partial differential equations 


(L Yut 2ay,+2by,+cy+a=0, 
) { Yn + 2a'y, + 2b'y,+ cy+ad=0), 















where 
re % e? O 2 
N= 5 Y= 55 Yuu =55 Yo» = mass 
and where a,b, ...., d’ are analytic functions of wu and v. By differentiating 


these equations, we obtain, for the third-order derivatives of y, the following 
unique expressions: 

Yuuu = PrYuv + P2Yut PsYot PsY 1 Ps, 

Yuuv = UYuv F Yu t WYo + UY F Us 

Yur» = 11 Yun T 12Yu + 13Yo + MY + 15> 

Yoon = $1 Yuv F $2 Yu TF $3 Yy + SY 1 S85, 

where : 
q,= —2a, gq, =4a'b—2a,, q,=4bb' —2b,—c, g,=2bc'—c,, g,=2bd'—d,, 
r,= —2b', r,=4aa'’—2a,—c’, r,=4a' b—2b,, r,= 20’ c—c,, r;5=2a' d—d,, 


and where the values of p,; and s; are immaterial for our present purpose. 
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If we form the fourth-order derivatives of y, the expressions for Yjyn, ANd Yyyyp 


: - 04 Q 
are unique, and the two expressions found for y,,,,,, V1Z., Yu and oe , 
I) 


dv 
will be identical without imposing any further condition, since each of them 
is the result of differentiating the first equation of (1) once with respect to u 
and once with respect to v. Similarly, the equation 


01 Yuvv — __ Sin 
OF Ou 


will be satisfied without imposing any conditions on the coefficients of (ZL). 
The equality of the two expressions Sdum and C Yar, however, gives rise to 


such conditions. In fact we find 


Q d 
“saat = = — “as mt Gites —2a his Yu 


F) Or, 
oye = nrc snace(e : crn 


+5 +1, d,—2b12) Ys * (Sh +ra—en)y + oft +4 a—dry. 


In order that system (Z) may have four linearly independent solutions, 
the corresponding coefficients of y,,,, Y,, Y»» y and y® in these two expressions 
must be equal.* We obtain in this way the following five integrability conditions: 
a, — bi, = 0, 

a, +c, —2a’a,—2aa;,—(a,, + 2b’a,—2ba,—4a’'b,) =0, 

bi, + 2ab,—2a'b, —4ba,—(b,, + ¢, —2bb, —2b’b,)=0, 

c,, —4ca,,—2a'c,+ 2ac,—(c,,—4e'b, —2bc, + 2b’c,)=0, 

| diy + 2ad,—2a'd,—4a,d—c'd—(d,, + 2b’'d,—2bd,—4b,d'—cd’) =0 


A 


(1) 





Thus, the integrability conditions for the non-homogeneous system (L) 
differ from those for the corresponding homogeneous system only by the 
presence of the last of these five conditions. t 





* Otherwise y would also satisfy an equation of the form 
Yuv + 2a” yu +t 2b" yy +ec"’y+d’=—0. 
The system obtained by adding this equation to (L) has at most three linearly independent solutions. 
+ E. J. Wilczynski, “Projective Differential Geometry of Curved Surfaces” (First Memoir), 
Transactions of the American Mathematical Society, Vol. VIII (1907), p. 245. 
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§ 2. Integration by Quadratures of the Non-Homogeneous System in Terms 
of the Solutions of the Corresponding Homogeneous System. 
If the conditions (/) are satisfied, (Z) is a completely integrable system, 

and the corresponding homogeneous system 

(H) { Yuu + 2ay,+2by,+cy=0, 

You + 2a’y, + 2b'y, + c'y =0 
will also be completely integrable. Therefore, (1) will possess precisely four 
linearly independent solutions. Let y™, y®, y®, y™ be four such linearly 
independent solutions of (#), so that 
Cy + ey + cy + ey 

will be its general solution if c,,...., c¢c, are arbitrary constants. Let y be 
the general, and Y any particular solution of (ZL). Then y—Y will be a solu- 
tion of (H), so that 

= ig 4 C, y) 4- c,y -{- C, y® a cpy™, 
Consequently, if we assume the solutions of (H) as known, it suffices to find 
any particular solution of (Z) in order to integrate (ZL) completely. 


We use the method of variation of constants to find such a particular 
solution of (Z). Let us write Y in the form 


4 
Y = 51 y), (1) 


where J‘, ...., 7 are functions, yet to be determined, of wand v. We shall 
have 

Y,=2IMy, Y= Vimy”, 
if we impose upon 1, ...., 1 the conditions 


SIP yO = EI y® = 0, 
or 
Sy dl =0. 


We then find 
so that Y will be a solution of (Z), if, and only if, 
TIM yO =—d, TIM y= —a. 


We may write : 
—_ k 
: os = b@) _. 


if we impose the further conditions 
SIM y =0, TIM y =0. 
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But equations (3) and (4) are equivalent to the following: 

SyP dl =—d-du, TyPdl® = —da'-dv, (5) 
so that we have in (2) and (5) a system of three equations for the four 
differentials d/. We add to these equations a fourth, viz., 

Ly¥Pdl™ =— (Adu+Bdv), 
where we shall determine the (as yet unknown) functions 4 and B of u and v 
in such a way that the values of d/™ obtained from these four equations 
shall be exact differentials. 
Let us write these equations as follows: 
Sy® dl = —(Adu+ Bdv), 
Ly dl® = —d-du, 
Sy dl = —d'-dv, 
Sy dl =0, 
and denote the determinant of the left members by A, so that 


A= | Yur Yur Yor YI- 
Then A is not identically equal to zero. For, if it were, (H) would have at 
most three linearly independent solutions, and vy‘, ...., y™ could not be 
linearly independent. 
We may write 


A= Tyla = TyP wb = TyP yw = Ty p®, 
where 4, u™, ete., are the third-order minors of A, and may be written 
as follows: 


(6) 


AP = + [Yur Yor Vly HO =—|Yuos Yor Ys 
VD) = + |Yeor Yar ¥l> op) = —|Yuor Yur Yols 
ete., the notation adopted being self-explanatory. 
The solution of (6) for dl gives 


Adl® = —A® (Adu+ Bdv) —ud-du—rvd'-dv. 
But we find 


AD = |Yuus Yor YLH [Yes Yuos Yl +1 Yur Yoo Yul 


= |—2ay,—2by, —cy, yy, ¥| + [Yur Yor Y| = — 2AM — 9, 
and similarly, 
AY = —2aa —»®, 4M = — 20/2 — uu, (7) 
whence 
b® = —AM — 204M, vy) = —AM —2aa™, 


Consequently we may write 


Adil =L©du+M®dv,  (k=1,2,3,4), 
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if we put 

L® =d -~M + (2b'd— A) A®, } 

M® = d’'-4 + (2ad’— B) a, 


In order that the expressions for dl“ may be exact differentials, we 


eve -e. 


If we make use of the equations (7) and the equations 


oA OA a 
a = 40h, 5 =—40'A, 


we find that these integrability conditions give rise to a system of four equations 


(9) 


must have 


of the form 
(B—di,+ 2a'd) a — (A—d,+2bd’)a® 
+ [—A,+ B,+2b'd,—2ad,—d (2a,+ ¢ —8aa’) 
+d’ (2b,+c—8bb’) -4b'A+4aB]a™ =0, (10) 
(k = 1, 2,3, 4). 

If we interpret y“?,...., y® as the homogeneous coordinates of a point P, 
in space, the point P,, describes a surface as u and v pass through the values 
of their respective ranges. Moreover, this surface can not be a developable, 
for a system of equations of the form (H).+ But the quantities A™ are the 
homogeneous coordinates of the plane, tangent to this surface at P,, and 
therefore can not satisfy a system of equations of the form (10) with non- 
vanishing coefficients. or, if they did, their ratios would be functions of a 
single variable; 7. e., the surface would be a developable. Consequently, the 
coefiicients of (10) must be equal to zero. If we equate to zero the first two, 
we find 

A=d,—2bd, B=d,—2a'd, 
and these values of A and B also cause the remaining coefficient to vanish, as 
a consequence of the last of the integrability conditions (J). 
We have obtained the following theorem: 
Let y, ...., y® be four linearly independent solutions of the homo- 


geneous system (I), and let 


1 2 3 4 
Yor Yoo You Yes 
(1) (2) (3) (4) 4 
A= Yu Yu Yu Yu —-> y*) a. (11) 
1 2 3 4 oem 
yO yO yO yO | aa 


y y™ y® y 











* Loc. cit., p. 258. + Ibid., § 2. 
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so that A is the co-factor of y\) in this determinant, which, moreover, is not 
identically equal to zero. If we put 
L® =da® + (2bd’' + 2b'd—d,) aA, 
M®=d'0M + (2Qad’' + 2a'd—di,) a, 


the quantities 


} (k=1,2,3,4), (12) 


dl = a (LY du+M® dv) (13) 
will be exact differentials, and the function 
(u, v) 
4 4 
Y= SlHy —Syw : (L® du+M®dv), (14) 
k=] k=1 
(ax, bx) 


where the lower limits of the integrals are arbitrary constants, will be a solution 
of the non-homogeneous system (L). 

If we choose the four lower limits equal, so that 

&=@, 6b, =6, (#= 1, 2,2, 4), 
we obtain that particular solution of (Z) which corresponds to the initial 
conditions 
Seto ti,=-F =) ie ang o= 6 
The quantities A“ satisfy a system of partial differential equations of the 


same type as (H). If we put 
a) 
Y®) = VA? (k= 1, 2,3, 4), 
Y®,...., Y™ are solutions of the adjoined system of (/), viz.: 
(H’) { Yy,+ 2a ¥,—2b Y,+ (c+2b,—4bb') ¥ =0, | 
Y,,—2@Y,+20'Y,+ (c+2a,—4aa’) Y =0.* 
In terms of these quantities we find 
L™ = VA [d Y + (2bd' —d,) ¥™], — 
M“ = VA [d’'Y¥® + (2a’d—d,) Y™], } 
and these formule are sometimes more convenient than (12). In all appli- 
cations of these formule it is good to remember that, since 


dA OA 
ah wed — = — 40'S, 
Ou som Ov “ies 


(12’) 








* Loc. cit., p. 259. It should be remarked that system (//’) is not in general equivalent to the 
system obtained from (H) by taking the Riemannian adjoint of each of its equations. There are two 
distinct methods of generalizing the Lagrange adjoint of an ordinary linear differential equation. The 
above method, based on the principle of duality, may be called the geometric method, as distinguished 
from the analytic method of Riemann. 
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we shall have 


A=Ce-*, C=const., (15) 
where p is determined by the conditions 
Op_, dp _y», 
au” Bo? 


which are consistent, according to the first of the integrability conditions (7). 
The constant C may, of course, be reduced to unity, by a proper choice of the 
fundamental system y“, ...., y®. 


§ 3. Integration of System (S) by Series Proceeding according to Positive 
Integral Powers of ¢,. 


If the coefficients of an ordinary linear homogeneous differential equation 


d"—ly 


1” 
: St Pia as oe $ Py =0 


dx” 
are integral rational functions of a parameter yu, and if, for an initial value of 
the independent variable x = x, independent of u, initial values be prescribed 
for y, y’,....,y” which are either independent of u or integral (rational 
or transcendental) functions of u, the corresponding solution of the differential 
equation will itself be an integral (rational or transcendental) function of wu. 
This theorem, due to Poincaré, Giinther and Horn,* may be applied to our 
system, in so far as we may by simple processes find from (S) an ordinary 
differential equation of the fourth order for y as a function of u, the coefficients 
of this equation being rational integral functions of ¢, and v, as well as of: w, 
A similar equation of course exists for y as function of v. The actual deter- 
mination of the solution might be accomplished on this basis, but manifestly 
the lack of symmetry in the treatment accorded to the two independent variables 
would be a disadvantage. We therefore prefer to start anew, without making 
any use of the above theorem except in so far as it assures us a priori of the 
existence of solutions of the form 


Y= FO G+ YP Ot ...-; (16) 
and even this is unnecessary, as we shall establish the existence of such solutions 
directly a posteriori. 

Let us then assume for y in system (S) a development of form (16). We 
find at once the following conditions: | 





* Poincaré, Acta Mathematica, Vol. IV (1884), p.212. Giinther, Crelle’s Journal, Vol. CVII (1889) 
p. 312. Horn, Mathematische Annalen, Vol. LII (1898), p. 343. 
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200 224" 5 rao, 
yn Pye” ath... oe 
aut “Se TOY =e | 
and 
ou aout + ey + uy? =0, | 
a2 y) dy” fe oo 7 (17b) 


ae +2 “i. +. CY (k) -+- (Di) ye» = 0, | 
which, together with the proper convergence conditions, are necessary and 
sufficient for the existence of a solution of (S) of the form (16). 
According to (17a) we may take for y the exponential e*"**", provided 
the constants a, and 8, satisfy the equations 
ea. Tee + 
Pee ere | (18) 
B@+2a+c¢=0. J 
In general, there are four linearly independent functions of this kind, 
y= orth, (j= 1, 2,8,4), (19) 
and we shall, for the present, confine our discussion to this case. As we shall 
see at the end of this paragraph, this limitation does not essentially affect the 
generality of our argument and, moreover, may be easily removed afterward.* 
The solution y = e*"**” of (17a) is characterized by the initial conditions 
yO a etratBrb dy ” a, Er etbre oe = ae Bennet. Ay —a¢@ B, cra tBrb 


allies 7 Ou Qudv 
for w=a,v=b. We shall determine that solution of (S) which corresponds 
to these same initial conditions. If this solution is expressible by a series of 
form (16), we must satisfy the initial conditions 
Oy day — ay 
= a ford as ‘faae =e, Fok ie 
for u=a, v =), while 
y® _ etr tt Bre. 
We proceed to calculate y“ by applying tle method of §2 to (17b). In 
the notation of § 2 we have 
ae=0, b=1, e=e,, d=uy?”, 
gal, =, Cong, =e. 
Of the five integrability conditions (7), the first four are obviously satisfied, 
The left member of the last reduces to 








* A complete discussion of the various cases is to be found in my paper “On a Certain Class of 
Self-Projective Surfaces,” to which I have already referred. 
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yk dyt-» 02 yt * ytd 
Set i — + eye a u(e +2°u— + oy *, 


and this is equal to zero on account of (17b), if k=2, and on account of (17a), 
if &-= 1. 
The homogeneous system, which corresponds to (17b), is (17a), and its 





solutions are determined by (18) and (19). Therefore, a,,...., a, are the 
four roots of the equation 

af+2¢07+8a+c+4e,=0), (21) 
so that 


j+tea+a+e=—-8,+8.+8,+ 6,=9. 


Consequently we find 
(0) 


yx yO yO yO = 1 

















and 
Ay B, a, Be as Bs a, B, at as ag ay 
a a dh. a il<, & & «@ 
Ae 1 2 3 4 a 1 2 Az, Ay ; 99 
B, B, B; By 4] ai az af af aa 
1 1 1 1 idii 
or 
4A = — (a,—4a,) (a,— a) (a@,— a) (a,— ag) (g— a4) (4s—a,). 
2 nO) 
We then find, for the co-factor of —s in A, the value 
k a 
a = Ge («= 1, 2,3, 4), 
where 
k, = (a,.—@) (@.—a,) (a3—a,), ky = (0 —@,) (%,-—%q)} (4,4), } (23) 
k,= — (a,—a,) (%,—a,) (a,—a,), k, = — (a,—a,) (@,—a,) (a,—a,). 


If we substitute these values in (12), we find 


L® = ut en-au el (8, u+2v) ye 1) —. -|, 


yt (k—1) 
Mi g—41u—Bit | (2u—«, v) yr =|) ane une P 
Uu 


where we have introduced a slight change of notation as compared with (12), 
the upper index & of (12) having been replaced by the lower index i, while the 
significance of the two new indices r and k, which appear in the last two 
equations, is obvious. 

From the above values of A and k, we obtain the value of their quotient, 


FE = — (aya) (04a) (0,44). 


MO = nae 
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But, on account of (21), we have the relations 


‘ , zl ne al 
Ya,=0, La,a—2¢,, Laaa,——8, a,4,a4,=—c+46,, 


so that 
44 _ 


bE —4(ai+c,a,+ 2) =8(a,8,—1), 


proving the first of the four equations 


*=2(4,8,—1), (i= 1,2,3,4). (24) 


u 


Clearly, «;8;—1 will be different from zero, since a; is a simple root of (21). 


From (14) we find, finally, 


u,v 
4 —a,u—B,v ; j 01 (k -1) 
gf? = Bete e es | {(- B,u + 20) yf? —u <n + 
‘ i=1 + (a;8;—1) Ov 
a,b 


' og” | 
2u—a,v) yS-? —v—2— } d r|. 25 
+{(2u—av)y 8 (25) 


The lower limits of the four integrals which appear in this formula have been 
chosen equal to (a, b) so as to satisfy the conditions (20). That the expression 
(25) for y actually satisfies these conditions may be seen as follows. We 
may write (25) in the form 


4 
(ey) —... SCR)... (0 ¢ 
UE =y =U yf if (25a) 
1 


where the quantities /“} have been determined, in accordance with the method 
of § 2, in such a way that 


k 4 0 (k 
Our _ Sym Pye ay? 


0 2k 2 
VN wll 1 Oy Py? Spy, PY? 
os wa’ e868" @e 4 


= 34 


(78 Ou’ dudv wa ”'Oudv 


Me« 





ll 


Consequently, all of these expressions will actually reduce to zero for u =a, 
» = b. 

In order to establish the convergence of the expansion (16) for y,, it will 
be convenient to write 


? ei (u—P) + Bi(v—a) 
K; (u,v; p,q) = $ (a,8,—1) ” 


Psd 


Si= f d(—B,p?+4pq—a,q’). 
a,b 


| . 
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Then we shall have 


yf =< = K; { yst-Pas, ee 
i=! 


a, 


0 yk) ( 
ea (pt) — 24 — a (a') | , 


dy) 1) dy -1) 


dy : 
Ou 

dy 
Ov 


OY > f anag .dyf 
{yt as, 24 — ad (pt) — 28 a (ay }, 


k-1 


- 0 yy se O21 (k—1) 
B.K.4 yt d8,—ou *) — oor ‘yh. 
BK. { ys dS; - d (p*) ap d (q’) 


_K. (k—-1) a S 
aK, | yft-? as, — 24 a (pt) 24a (q’y |, 
K 
K. 


“9? y® 


b 
us 
t=1 
,» 
u,v 
« B: 
(=1 
b 
u,v 
y a 
Oudv bat 
b 


r A 
S. 
S. 





| 


A simple induction proof, involving the use of equation (25), shows that, for 
every value of k, y and all of its partial derivatives are continuous (and even 
analytic) functions of uw and v, for all finite values of these variables. The 
path of integration from (a, b) to (u,v) may be chosen arbitrarily in the finite 
portion of the plane, since all of the differentials involved in (25) are exact. 
We may, moreover, without any essential restriction of generality, assume 
ea) =U, 

Let N be a positive number not less than the largest value assumed by 
|e*? +4) on the path of integration. We shail then have 


Or ; O ) : 
lur| SN, Ee Yr S|a,| N, 34 <|8,| N. 


For any assigned finite values of u and v, there will exist a positive con- 
stant M,, such that, for all values of p and q along the path of integration, 
| K; (u,v; DP, q) | <M,. 
Let 
M=SM.,, 


t=1 
and denote by « and 8 two positive numbers, such that 
|a;| Sa, 1G:| SB, ($= 1,2,3,4), 


and consequently, 
4 d 
> K, (u,v; p, a) | <M, 3 a, K,| Sal, 2 8.K,| $i. 
{=1 ‘1 =1 


Introduce three positive functions by putting 


Psd 


Ps Ps q 
P=fld(p’)|, Q= Jf laa)i, S= Jf d(B|p|?+4|p| |a|+alal?), 


0, 0 
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and we shall have 
|\dS,| <d8, (4:0 1, 23:4). 


If now we put k = 1 in (27), we find 


wis fo 3 M,\N dS + BNdP + aNdQ\<NMT, 


where 
T=8S+6P+24Q, 


and similarly, 


C8) 
SPNMT, 5s v 


If we make use of these inequalities after oe k = 2 in (27), we find 


(1) (1) 
Se | <aNMT, = <aBNMT. 











and, by induction, in general, 


| y | | < sg _ M* Te | ) = 
U 


k! Rt’ 

These inequalities assure us of the absolute and uniform convergence 

of our series for y,, and of its term-by-term differentiability with respect to 
u and v taken either separately or together. It is easy to show, further, that 


vt m 
SBN 





| <SaN , ete, 





2 2 
= and a "may also be obtained by repeated term-by-term differentiations 


from y, as absolutely and uniformly convergent series. Consequently, we have 
obtained the following theorem: 


The series 


for which yO = et "Fr, and whose general term is determined by the recursion 
formula (25), ts absolutely and uniformly convergent for all finite values of 
u,v and c,, and represents that solution of the completely integrable system 
(S), whose initial values for u=a, v=b coincide with those of the exponential 
function e%"* Fr”, 

. We have computed the solutions y, under the assumption that the four 
roots a,,...., a, of (21) are distinct. But this assumption, as we have already 
stated, does not really restrict the generality of our method. For, by means 
of a linear transformation of the independent variables 


u=uth, v=v+k, (28a) 
system (S) may be transformed into a new system of the same kind, whose 
constants have the values 
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(28b) 





E=¢, €¢se,--he,, Gog + be. 
If c, 0, we may therefore transform (S) into another system of the same 
form whose constants ¢, and ¢, have any desired values, for instance c, =c,=0, 
in which case the four roots of (21) will actually be distinct. On the other 
hand, it would not be difficult to develop formule to take the place of (25) in 
the case of two or more equal roots. * 

The linear transformation (28a) enables us to materially simplify the 
appearance of the differential equations (S), but we have made no use of this 
transformation in developing our theory up to this point, for two reasons. In 
the first place, there would have resulted no essential simplification in any of 
our formule sufficient to make up for the corresponding loss of symmetry. 
But, in the second place, the general formule have a real significance which 
might otherwise have escaped our notice, and which gives us a real insight 
into the nature of the integral surface. 

In fact, the linear transformation (28a) may be interpreted as a change 
of position on the integral surface, instead of as a change of the parameters of 
reference. Now, if c is small, our formule show that the surface whose 
parametric equations are 

Y, = Errethre, (r= 1,2,3,4), (29) 
may be regarded as projectively equivalent to a first approximation of our 
integral surface in the neighborhood of the point for which u=a, v=b. 
If a, and Br are the values of a, and 8, which correspond to the constants 
ce, and ¢,, the surface 

Y, = EArt +B,0, (r = 1, 2,3,4), 
will, in the same way, be projectively equivalent to a first approximation of 
the integral surface in the vicinity of the point w=a+h,v=b+k. In other 
words, for small values of c,, an integral surface = of (S) has associated with 
each of its points P,:a self-projective surface of the form (29), whose exponents 
a,, 6, change with P, and which may be regarded as a first approximation of > 
in the vicinity of P. 

One further remark is of importance for our later developments. From 
the nature of our convergence proof by dominant functions, it is clear that the 
series 

Ge eG GS + .<0- 
will still be a uniformly and absolutely convergent series for all finite values 
of u, v and ¢, if the recursion formula (25) be altered by writing in place of 











* Cf. foot-note on page 239. 
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(a, b), the common lower limit of all of the integrals, a different lower limit 
(a, b&) for each of the integrals, provided that all of these limits are finite. 
Moreover, the function of uw and v thus defined will still be a solution of (S), 
corresponding, however, to altered initial conditions. 


§4. Properties of the Coefficients of the Series Obtained in the Preceding 
Section. 


Let us make the generalization referred to at the end of the preceding 
section, and on that assumption calculate y‘”. If we make use of the abbre- 


viation involved in writing (25) in the form (25a), we find 
(u, v) 


1 
n= |- urt2uv—a “I 
4 (a,8,—1) ail : (a, by” 


1, E e(er—4i)u + (Br— —Bi)v ‘( ee 4 (B B ) 1 a v) ‘ +: 
ri 1s A,—A;,)U po eee > UF. 
2 (a, 4 6;—1) (a, —-a,;) ( (8,— —B,) }! } (a;, b,) 


Then 


(1) _ 74a,u+B,v —B, u? + 2uv—a, 1 V° ‘ (a, aut (Be a v—1] 
=e | 4(a,8,—1) + eae a:) (8, =a | 


e(ar-4i ya, (B,—By) 65M 











4 
— Bette | (a,—a,) a, + (B,—B,) 0 —1 


= 2 (a, B,—-1) (a,—a,) (B,—B,) 
sania — B, a? 4 2 9 a® 6 — O, hope m 
: 4 (a,B,—1) , om) 


where the stroke on the summation symbol indicates that the value i=r is to 
be omitted. It will obviously be possible to find finite numbers a$”, bf? and 
a, b® so as to cause the terms e*"t%" (ir) to disappear, and to reduce to 
zero the constant term of the expression which is multiplied by e*"*®". If 
this be done, we have 
yD = etrttbr | =e w+2uv—a . 3 s:___(a,—a,)u+ (8,—B,)v | 
4(a,B,—1) i=12(a,8,—1) (a,—a,) (8,—-B;) 
=e git the PM tye), (30a) 
so that y‘ reduces to an exponential factor multiplied by a polynomial P¢” (u, v) 
of the second degree in u and v, whose constant term is equal to zero. 
We may generalize this result. For every value of & there exists a solution 
y of (17b), expressible in the form 


bo 
4 > 


gg? = — etrutBbre YAM = == et u+B,v P® (u, v), 


es 


~~, 


where A is a homogeneous polynomial of degree j in uw and v. In other words, 


y™ is equal to e*"**” multiplied by a polynomial of degree 2k in u and v, 
without a constant term. 





















246 Wiuozynski: On a Certain Completely Integrable 


The theorem is true fork=1. We proceed to prove the general theorem 
by induction. Let us suppose, therefore, that 


2k—-2 


yk) —_ et Ut Brv s Fe 
j=l 
and consequently 


(k-1 2k-2 oA 
Oy; ie etrutBrv s eos e +4,A%7?), 


Ou j=l me 
(k—1) 2k-2 (k—1) 
= = etrutB,v x eas + B, Ass”), 
v j=l 


We shall find 


» (u, v) 
i) (a,— +(B,— k-1 (k—-1 (k-1 ; 
stew | e(tr- aut (Br— Biv { Pl D+ PED EPO td 


r,t, 1 
e a; ), b 


+ {Qrer t+... FOMeA-fdv], (31) 


where 
1 o4y;” 
(k-1) _ pe pee. \ Py} A&-Y) te 
Poise = 4 (a, B,- =k (8,+ B)ut+ e} AE u- Ov | 
1 . a4°>* (32) 
(k—1) — §9 ( CS ) Vv oe i 
ee rata |" u—(a,+a;) vA: i | 
GG = 4,2,4,....,2%—9), 


in the application of which formule we must remember to put 
Aes" = AE? = 8. 


Clearly, P®;? and Q“;) are homogeneous polynomials in u and v, of degree j. 


From our general theory we know that the expression under the integral sign 
in (31) is an exact differential. We must, therefore, have 


(8,—B;) Pra tk 1= (a,— 4) QFe 1) 
in ars... bs OQ. 
(B,-- By) PRRs + Heist = (a, — ay) QUGRs + Meese, 
UV Ou 
rice RE ear ee | 
33) 
45, Se? dQ*:? - 
(8,—B,) P&P + Te8® = (a, — a4) QE? + See, 


aPtz? _ atc? 
dv ou J 








Consider first the casei r. We may write 
—_ i + , k k k ’ 
Rafer i, Lot Rt bah sae Re } ons} Jaj0, 0, 9 


where R{"} ; is a homogeneous polynomial of degree j in wu and v. In fact, in 
order that this may be so, it is necessary and sufficient to satisfy the conditions 
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oR) OR” 
“— + (a4,—a,) RP? .=6, — } a (8,—8;) ne? »=0, 
oR” ' ores = 
ORL + (a,—a)) BOL = POs, out + (B,—B,) RY. = Q8z?, 
Me abs dead ahiesahsk ach a anode aa r Severe. TT eT er SS re eee 
OR) oR = 
— ah! 4. (a,- a) BO an g= FT c A... 29 awe Eat (8, —B;) RP) a-:= voak-2, 
U Vv 
(a,—a,;) Ri? 2k— = PSS. 19 (8,—B6,) BY 2k— =~ 3k 1) 


which are consistent on account of (33) and give 
(k— k= 
_ wea i, 2b = Qn 2 











R941 = 
a,—a;, 6, B 
k— (e— 
= = 
R®., = Pri Dk-2 Oa “uo Cs Dk =r v 
r,t, 2k—2 — — —————_— 5 — - : 
a,—a, — (a,—a,)?  B,—B,  (8,—B,) 
eee aa cia Ra Oe Te ee a ee ie , 
k 
ay OP RE as a sbiiy. 
R® a Pritk—n Ou 1 hI ) ai 
en ee a a 
a, a; (a,.— a;) (a,— a;) 
(k-1 i. k 
SOR POTD 
ee dv dys! 





= 6-8 @—By to tO ay 


If we write 2k —~ =j, we obtain the general formula 


ae 2S? _ = PS 
r,t, j Pi (a,—a,)**! ou 126 (B. — B,)**' dv» ? 

(7 =0, 1, 2, veep 2k—1), (1=1, 2,3, 4; 1.r), 
which gives, upon substituting the values (32), the following two equivalent 

expressions : 

2k—=j-1 (—1)> OX AGED 

ky 9 r,j+A—1 
Beha = s 4(a,—a,)**"(a; B,- =k Reet ee) du. 


A--1 (k—1 A+1 k—1 rN (k—1 
rs) Ay jt 1 re) Ae: re) A; aT, 


(34) 


~~ +B) —a oe aa aes 





2k—j—1 d d 4 (k—1) 5 
= _" [ie a Aten, | (35) 
Poti % 2B —B)*"(a,B—1) el ee 
QAR ec OM AG PA? 
—A(a,+ a) ~ Oy "Suov  “dudv ‘|: 
i=K1,2..... Rt Gates ie 
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For i=r, we find 


(u, v) 

(%) { D(k-1 (k—1 § Qy(k-1 k—1 

= esau igs t,1 P+. et i;du-+ } ec. t +a 00 i eer), 
ay ? r ) 

and the conditions (33) reduce to 


apt) ages? 
— = — (g= 1,2, ...«3 3 —1). 





We may write 
(k) _ PR (k k) 
= [Reo + Re.at+ ote -+ RY 5 on] (are *), b-) 9 


where R*") ,,, is a homogeneous polynomial of order j+1, subject to the 
compatible conditions 





ORM, i+1 _ p(k—1) _ 1 k Gr 4ck-1) _, oa | 
du fh = Fg, BI) Laas!" an | 

ORM i+! — Qe) — 1 ks Gr AG) _y Cans] 
Ov "rl" 4(a,8,—1) iii Ou |’ 


(j= 1,2,3, ....,3%—1), 
where 
qd, = — B,w+2uv—a,v?. (36) 
If we multiply both members of the first equation by u, and those of the 
second by v, and add, making use of Euler’s theorem on homogeneous functions, 


we find 


' 1 ’ 0 AGHD ,0 Aw? _ 
y (k) — J) i pelt 
(91) Bee a = Te B.— 1) [20.4872 Vv ) } + U ey |: ia 


U 
(p34... «+ +53 ~~), 





to which we may add 
RP? , =. (37a) 


The value of the arbitrary constant R), is immaterial. The resulting ex- 
pression for y will be 


k e k k ; 
ys » sax ger OOP “Er - ee R¢ a ok lam, 6. 


r rvy k 
ee" ve SRY , ° +t RO 2k—1} 
é=1 


4 

— —_ (k) ee (k . 
— Bi eter bert or aded + BAO (BO 9+ 2... + BE er deymouns (38) 

i=1 


and this will have the desired form, if and only if the limits are chosen in such 
a way that 


k (k ae 
[Re sot Ps Ry » ok—1).a,, by = 0, 
4 
k k ses k 
[RO et 2... + RP ee Je,m,0 = 2’ RE. 
i=1 


Jenna t#r), (39) 
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For every finite value of k this can certainly be done, and we shall then have 
the following formula for y™: 

yi = emretOr [RO 4 +E (ROY, ae ee 
if we remember that, according to (37a), 


| ae = 0. 
Therefore, 


A) =SRM, » G=1,2,....,2k—1), 4%, =R®,,, 


whence, making use of (35) and (37), 














18 gla [ te abet (oA 4 we) 
” az = oe " (-« al alt a“ e 
~118+ 9) Ae Berdi a) 
G1 Qh «5g SD 
Ane = TEC a Arak: 


A second equivalent form for A‘) may be found by using the second of the two 
equations (35). 
From the last formula we find at once 


k 
AY = pag BL ee (40) 


Let us put 


a a) 
laa) Bi) “2 tea) (aga)? 


Then we find 


1 OAS? OAS 
(k) — (k— 1) a 1 ue r, j—l 
et gee =y [24 Anis =( av )| 


2k—j-1 h 4(k—1) A—1 4 (k—1) 
ie ‘. (—1)*{ (4, ,u+2 nee Ania 


4 A=0 ou me Ou aa 
' ee O* A Aries | 
— S04 aa ay —A8,..575 “10 y (42) 


(j= L, 2, . «sy Sd), 


and a second equivalent form corresponding to the second form of equation (35). 
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Thus we may obtain a solution of (S) in the form 
Yr =U FUP G+ YP at .... tyra tH, 
where the further development of # would give powers of higher than the k-th 
order in ¢,, k being any finite integer, and each of the functions y{ being of 
the form 
yO = ert Bro 5 A®, 
j=1 
We may not, however, conclude in this fashion that a solution of (S) exists 
of the form 
YO + yen + YP + .... ad infinitum, 

since we can not be certain that the limits of the integrals, as determined by 
equations (39), do not tend to become infinite with k. If this were the case, 
the convergence theorem which was proved in $3 would not be applicable. 

In order to establish the existence of such solutions, we may proceed as 
follows: In equation (25) let us put a=b=0. We then find, making use 
of (30) and (30a), 


4 
y = et ™tBrv PY (4 v) + SF co errr ber, 
s=1 


where 


4 
0), = : (sr), Ee%=0. 


"¢ 2 (a,8,—1) (a,— a,) (o.—B6,)’ s=1 


With this value of y we find further 


4 4 
yO = e%*t8r? PO (yy) + E 6, hasoronrenaye (u,v) + 2% 
s=1 on 





i lalla ‘| 
1 


4 
+ & of etnther, 
s=] 
where 


4 
[| 2 a Ss) 
Co? as os (s#r), >> Co? = @, 
1 


$ 


or 
yO = etettOe” PO (u,v) + E oertt®* PO (u,v) + 3 oMernter, 
s=1 s=1 
if we write 
af, = of, + & oof. 
j=l 
We may now prove by induction that 


: 4 4 
yi? = et "tee PO (y,y) + E cet tthe” POD (u,v) 4+.... + Sc emrthee, 
1 s=1 


s= 


or 


4 k 
y= er "tbre PO (yy) + = = cP, e%¥+B.v PUD (u,v), (36) 
s=1 j= 
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all of the quantities ci, being constants, and the functions P® being poly- 
nomials of degree 2 A. 
We know that the series 
idl a Yr Co (37) 
b=1 
is absolutely and uniformly convergent for all finite values of wu, v and c,, and 
that for «—v=O we shall have 
Oy, OY, Py, ; 
= Ts Qu"? du = Br, Judo = & er ia 

From the general theory of linear partial differential equations, we know 
further that the uniquely determined solution of system (8), which satisfies 
the initial conditions (38), may be represented as a power-series } (w, v, Cy) 
in the three variables u,v, c,, absolutely and uniformly convergent for all 
finite values of these variables. Moreover, for any system of finite values of 
U, V, CG, there exists a convergent series D of positive constants which domi- 
nates the series of absolute values of the terms of } (uw, v, ¢,). 

Since the series (37) and $ (u,v,c,) are both absolutely and uniformly 
convergent, and since both of these series represent, for all finite values of 
U,V, Cy, the same solution of (S), we shall obtain } (u, v,c,) from (37), if we 
substitute in (37) the expressions (36) for y, expand the exponentials into 
power-series and perform the indicated multiplications. 

Now the quantities |e*"**"| and |P® (u,v) | are at most equal to the sum 
of the moduli of the terms of their respective expansions. Let us replace the 
several terms y\” cj, of series (37), by the sums resulting from (36), and let 
us regard the individual terms of the sums thus obtained as terms of a new 
series >. The series of the absolute values of the terms of = will be dominated 
by a series of positive constants, whose sum is at most equal to the sum of the 
series D of positive constants, which dominates the series of absolute values of 
the terms of $ (u, v, ¢,). Consequently, the series > itself and any series com- 
posed of terms selected from those of >, provided that no term of = be taken 
more than once, will be absolutely and uniformly convergent. 

_ Therefore, the series 


@ 
ga et ethe F PP (a, 0) <4, 
k=0 





which is known to satisfy system (S) formally, is absolutely and uniformly 
convergent. If now we differentiate this series term by term, either once or 
twice, with respect to wu or v, and compare the resulting series with the corre- 
sponding first- or second-order derivatives of $$ (u,v, ¢,), we recognize by a 
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repetition of the above argument that these series also are absolutely and 
uniformly convergent and therefore represent aa? Ov? ete. 


We finally obtain the following theorem: 
If Uy, Vo is a point for which the exponents a,,...., a, are distinct, there 
exist four linearly independent solutions of system (S), of the form 


@ 
Y,. —- e* (u—Uy) + B, (v—v9) [1 -b 2 P® (u ih. V—U,) cs], (7 =_ cm =. 3, 4), 
r=] 


where P™, the coefficient of ch, is a polynomial of degree 2k. 

In formulating this theorem we have made use of a terminology suggested 
by our discussion of the effect of the linear transformation (28a). In the 
vicinity of the point u,, v,, the coefficients of y in the two equations of (S) 


may be written in the form 
Cy (U— Uy) + ego + C,, Co(VU— Vy) +. Cy Uy + Cos 
and we may speak of the four pairs of numbers a, 8 which satisfy the equations 
w+2B8+aqu+e=0, B?+2a+aqu+e =), 


as the exponents for the point u,, Vp. 

We see that, associated with a system of form (S), there is a set of poly- 
nomials. We have seen, moreover, how these polynomials may be calculated 
by means of certain recursion formule. These formule, however, are rather 
complicated, and we now proceed to study the polynomials P™ (u,v) by a 
different method, which gives far simpler results. 

Let us substitute, in (S), 


y =y e* u+Bov . 
where a and @ are any two numbers which satisfy the characteristic equations 
w+28+c¢,=0, B+2a+e,=0. 
The system (S) will be transformed into the following system: 
Nyy + 2a, +27, + Gun =), Now +2, +28Bn, + Gun =0. (40) 
Since (S) has a solution of the form 
es*tPr [1 + & P® (u,v) cb], 
k=1 
(40) must have a solution of the form 
n=1+4 E P® (u,v) ch, (41) 
k=1 


where 


2k 
P® (u,v) = & AP (u,v), (42) 


4=1 
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A being a homogeneous polynomial of degree i. 
If we substitute the expression (41) for 7 into (40), we find 
P® 4+ 2¢P™ +9 P® (k—-1) — 
lle Mans le Ages ae ee 
P® +2P%+428BP + Pe) =0), 
From (43) and (42) we find, further, 


k (k (k (k) az 
8G 208A 22a Sarna 








Ou? Ou i=l | 
(44) 
a? A“ 9 A» a a G—i) .. | 
= oe fae Oe cM) toe 4 =o 
If we —_ to zero the terms of degree 2k—1, we obtain the equations 
2a SA 1 29 + wage, =0, 294 1 og PGl + » sg <0, 


ao de P42 Ov Ou 


whence 
dA (k) 
2 (a8 —1) AB — 44, Age,, 2(a8—1)4 


Agi = A kD) 
— Dy A2¢k—-1) » 





te 


where 


qg=--Buwv+2uv—av4, q= = dy = 94, (45) 
and where a8—1 is different from zero if, as we may assume, a is not a 
repeated root of the characteristic equations. These equations show that the 
Jacobian of AS and q is equal to zero, so that AS must be a function of ¢. 
We easily find 





k 
2 = pap (kK =1,2,3,....), (40) 


a result which we had already obtained by our previous method. 
Since 4“ = 0, the terms of degree zero and unity, in (44), require special 
attention. We find 








2 A® ow aA’, ,@AP _ 02. AM yA a A” = 
“ga 1?" Ou si Ov ali Ov? hang 28-5 
whence 
0A“) 0? As) 4 2A» 
9 _ 4) 974i as : 
2(af—¥) Ou e Ow (Ou? ” 
0A a AY an A® 
9 ieee ee. a — 
2 (a8 —1) ov 7 Our av? 


Let us multiply the members of these equations by u and v respectively, 
and apply Euler’s theorem on homogeneous functions. We find 


tg (4), (46) 


(Ey... 
AY = TaB—1) 


where Q denotes the operator 
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= a. (47) 


2 = (— But), + (u—av) A = 5 Gua 8 + Wo 
which plays a fundamental réle in this theory. In the same way we find, from 
(44), equating to zero the terms of the first degree, 

BD xm ee Fay (40). (48) 
Let us now equate to zero the terms of degree 2k -—i—1 in (44), where 
1<2k—i—1<2k—1. A precisely similar treatment gives the following 





equation: 
2 (2k —1) (a8 —1) A. =¢ ASG) + Q. (Ag? i41)- 
If we put 2k—i=y, we find 


O (AW) + g.ASS? 
2v(a8B—1) 
for this formula will also be valid for »=1 or 2 if we equate to zero A‘" 

whenever i becomes zero or negative. 

By means of formule (40) and (49) all of the homogeneous polynomials 
A may be calculated. We shall actually write down their values for 
k=1 end k= 2, viz.: | 
1 


A® = , (v=1,2,3,....,2k—1), (49) 














ie oe fEeNO pans 
A; ~~ 4(a8— ale a)uUu+ (a 8) v], _ 
1 q 
(2) _ Ret s2 er ! 
A} ere. es Bui+2uv—av?] 4(aB —1)’ 
and 
A® = . 
(—6a-+1162- 9a?B + 5at+ 4aB 3—5B> )ut(- 68+ 11a?— - 9a B? + 54+ 4058 — Ba) 0 
. 32(aB—1)5 
AP = oo 
(—6B+5a? *— dap? + 5B*)u* -4+2(2+TaB— 5a*— 5B§+a2h?)uv+ (— - 6a+ 5B? —402 B+5at)o° 
32(aB- -1)4 51) 
A® = 
(24308 5B*)u®+3(—4a+5p?—a7B)u?v+3( - -4B + 5a?—aB?) uv? + (2+3aB— 5a®)ve 
48(aB—1)° 
AP = 
Beut—4 Bus v+2(aB+2)u? v?—4dauve+ary* _ q’ 
32(aB— 1)? = 3500h= _ J 
We observe in all of these cases that 
a (52) 





(ap—1)” 
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where B® is a homogeneous polynomial of degree v in u and v, whose coefficients 
are integral rational functions of a,8 of degree 3k—v. Making use of equation 
(49), it is easy to prove by induction that this law is true in general. 

If we make the substitution (52), our recursion formule become 

k 

BY = 8, BY == [0 (BY) +qBS1, (9=1,2,....,2k—-1), (53) 
where we must remember that BY = B® = 0. 

By repeated application of these formule we find 








B® = Q2- ” (q*) 5". Q?~! (q BY 5) | 
F—" ely (v+1)....(2k—1) | jar 2? -F¥T p(y)... (2Qk—J)’ 
(w= t,o, ....., BD), (54) 


where the symbol Q* indicates that the operation Q is to be performed 4 times 
in succession. 


We may obtain another formula for BS from the equations 


BY = > [a Bes? + 2 (BM) I, 


Bis = oa) LAB? + 2 (BIS), 


by eliminating the first terms occurring in the right members. In this process 
we must distinguish two cases, according as v is even or odd. We find 








A—1 gQ (Re " 
ye 2(A—t) +1 
Boy ial Paap ..(A—t)’ 55 
A—1 vO (Ee ) ( ) 
Ap = = fp) 
imo 2'F1 (24 —1) (24—3)....(24—2i—1) 
or, to include both cases, 
(k) _ ~ os q’ QD (BS 2. - 
a = Eom Fly (y—2)....(v—2i)’ 130) 
where A= 5 ” if v is even, and a=" - if vy is odd. 
In the second equation of (55), let us puta=k. We find 
k—1 giQ (ae) 





—— k 
Bus = » o=T(J—1) (Qh—3)....(Qh—2i—1) (ka) 


Moreover, 
©. (g**) =2 (ki) 1, +4 (kA) (K-11) gh, (57) 


where 


32 











lo 
Qn 
oD 
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1, = (8? —a)u+ (a? — B) », 


: os) | 
l, = (1— 8°) 8+ 3 (8? —a) wv +3 (a — B) uv? + (1—a?) v*. J | 















Consequently, 
k—2 
BS, = F(a, 6, (k) + 1,0, () 1, (59) 
where 
6, (k) = Ss Qi 
i-o (2k—1) (2k—3 . (2k—21—1) (k—1—1) !’ 
5 2k) Qk)... (QE—BIA) (FAT) me 






0, (k) = = <n 
<> (2k—1) (2h—B) .... (2h—2i—1) (hR—1—) 1° | 







We may evaluate these sums and thereby very materially simplify eyuation 
(59) by the following method: If we equate to zero the terms of degree 2k-—2 
in (44), a simple combination of the two resulting equations gives 


a BY , OBI a? B® a? BY 
a eo =e aB—1)(w _°” Je? ). 


In this equation let us substitute the values (53) and (59) for BS? and B&®.,. 
The left member of (61) becomes 











(61) 







LE =") q—"[ (P—a) q,—(a@— B) a.) + %{*) g i 158— ae). 
























and the right member reduces to 


ee af8— k—1 __ aod a oe ee 
B= ge (p—iyt (Y (OG — 4 Gow) + (A—-1) gE (0 — was) 1. 


But 
(B°—a) q,-—(a°—B) q, = 2(a8—1) (au—Bv), 
ase — 4,55 = = 6(a8—1) [—u?+ (24+ 6?) wv— (28+?) uv?+v'], 
VU Auy — U Av» = 2 (au—6v), 
vgi— ug =4[—w+ (2a+4 8?) Wo—(28+4?)uv?+ v], 


so that the equation L = R assumes the form 
1 
q (au —Bv)| 6,(k) — — 1) om] 
+ [—u + (2a+ 6?) Wv—(2B+a?)uv? +0} 36, (k) — = : =H) 1 = 0, 


The two cubic expressions which appear in the left member of this equation 
are linearly independent, since «@ —1 is different from zero. Consequently 
we must have 











” 1 ' 2 
a is— ihr T= (k— 2)?’ 
so that 
B®, _ li [3 ql, + 2 (k ia 1) l. | : 


3-4" (k—1)! 
The explicit expression for BS? ,, 
already rather complicated, viz. : 

9 q* 


a. = = 32. 4FH (k—9)1 [18}2(k—2) —3 (aB—1) }¢ 
+94{51+4(k—2) (a8—1)uv—8(a8—1) 
+6} (kK—2) (20,1, —31,) +3 (k—2) (a8—1 
+4 (k—2) (k—3) 5], 

where 


l.=B(—But+v)!+ta(u—av)*. 
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(62) 


(63) 


obtained by an extension of this method, is 


2uvi@ 
)we*{g 


(64) 


(65) 


The transformation (28a) enables us to simplify these formule very con- 
siderably. Let us assume that such a transformation has been made so as to 


The characteristic equations become 
a+28= 87+ 2a=0, 
and one pair of solutions is a= @=0. The operator Q reduc 


ae 8 
"Our t “OR 


reduce c, and ¢, to zero. 


G= 


es to 


and it becomes an easy matter to calculate as many of the polynomials P“ (uw, v) 
as may be desired, although, even with this simplification, the general expression 


seems to be rather complicated. We find 

P= 1, 

PO = — : Uv, 
1 3 3 2 452 

PO = “ana +o) $3 u? v2, 

P® = 2 UV + 55 (UF + V8) — ES uv? + : uv (ui + v3) — R. 
32 35 48 48 

(4) f + v*) es u? v? — ” uv (uw? + v*) 
PP =x Luv — gig (w v 38 97.3 ; 


1 
T 57. 32 
We shall close this discussion with one further remark. 
(41) for 7 may be written 
| ae e Xap a 3 Q® (u, v) o, 
=1 


[ (vw + v®)?+ 36 uF 2 *)— sang? v2 (uw + v3) + 


Qype are 
a9, 


u‘v' 


4!" 











r (66) 


The expression 


(67) 
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where the functions Q™ (u,v) are polynomials of degree 2k —1, differing 
from P“ (u,v) merely by the absence of the terms of degree 2k. Thus, by 
introduction of the first exponential term of (67), the polynomials P™ have 
been deprived of their terms of highest degree. By means of equation (63) 
this process may be carried out one step further, depriving the polynomials 
Q, in their turn, of their terms of highest degree. However, for the present, 
we shall refrain from any further developments in this direction. 


~§5. Integral Equations Satisfied by the Solutions of (S). 
If Y is any solution of (S), it may also be regarded as a solution of the 
non-homogeneous system 
Yut2y,+Gy+touYy =0, Yout 24, + Gy tauvuyY =0. 
The method of § 2 for integrating such a system is applicable, since the inte- 
grability conditions are all satisfied. Consequently we obtain the following 


relation: 


iJ) Yue S etiutBye * {(-8 e-+2o) Fk —t 3 | du 
mee : 4 (a;,;8;,—1) ‘ ~ dv 
ay 
+{(Qu—av) ¥—v5 7} dol 





4 
+ Pi 
+ = a,er" B . 


t=1 


where a,,...., @ are constants. The integrals on the right member of this 
equation are independent of the path of integration, as a consequence of the 
differential equations satisfied by Y, and have definite finite values since all of 
the solutions of (S) are integral transcendental functions of uw and v. 

Moreover, if these integrals be denoted by 1;, they have been determined, 
in accordance with the method of $2, in such a way that, if we write 


4 
y aoe > ign ree 
i=1 


we shall have 
On : On : Cn 4 
—— Lert thir id i J. etittbiv ~——- = da. BL ert Fr 
Ou 2 4 i€ ? ov = Bi i@ ’ Oudv = a8; i @ ? 
just as though /,, ...., 4, were constants. Consequently, the solution of the 
integral equation (J) will satisfy the same initial conditions for u =a, v = b 
as the function 
4 
2 qenetee, 


i=1 
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so that the equation of form (J) satisfied by y, will be obtained if we replace 
this sum by e%"*4r?, 

Let us change the notation for the variables of integration. Then, the 
integral equation satisfied by y, may be written as follows: 


(J,) Y¥ (u,v) =e%*tPe 


OP 4 paalu—p)+ Bi(0—0) 7 , _ dY (p,q) 
taf 2 ‘ah K B;p+2q)¥ (p,q) poeseea ap 


+ {(@p—a4) Y (p, q) —q2t oD \aq], 


Evidently the Liouville-Neumann method of successive substitution, as applied 
to this integral equation, will lead us back to the solution already obtained in § 3. 
It is easy to see, conversely, that if «;, 8; are the four pairs of solutions 
(supposed distinct) of the equations 
at2B+¢=0, ~6?+2a+c,=0, 
any continuous solution of (J,), with continuous first and second derivatives, 
will be a solution of system (S), satisfying the given initial conditions for 
u=a, v=b, thus establishing, by a second method, the uniqueness of the 
corresponding solution of the integral equation (J,). 
In fact, we find from (J,) by direct differentiation 
F i 
+2¥, +6 =3 pg —4)| (B+ 4u—aBiu) ¥ + Bus 
oY oY | 


=, 4 (a,B,—1) 
al a ee 





Y 


uu 


(68) 
But we have from (24) 

_ 1  _%k, 

a8,—1 A’ 
and 4k, is the co-factor of a, 8; in the determinant A defined by (22). 


Consequently, 
4 1 4 OL 4 B; a, 3, 
— i — eee oe —_— 0, ss |< 
ay ag az —] i=l a; ial i=1 4; ;—1 4, 


a a 


Me 


so that the right member of (68) reduces to —c,wY. In the same way we 
may prove that Y must also satisfy the second equation of system (S). 

The integral equations (J) and (J,) are simple examples of a type of 
integral equations which apparently has not yet been considered. The charac- 
teristic property of equations of this type is that they contain open line inte- 
grals subject to the condition of being independent of the path. We shall leave 
the general discussion of integral equations of this kind for a future occasion. 
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We shall close this section by pointing out a remarkable formula for the 
partial derivative, with respect to c,, of any solution of system (S). Let 


Oy _ 

de, 
Then we see that y is a solution of the non-homogeneous system 
Nuu “f* 2, ++ (Cou + C;) + uy = 0, 
+2y,+ (qQvte)ytovy=od0. 


The corresponding homogeneous system is (S). If we apply the method of § 2 


(S’) 
Yo 


to the integration of system (S’), we obtain oy expressed as a sum of integrals 


OC, 
of exact differentials depending upon the solutions y,,...., y, of (S). Of 


re) ‘ ‘ . ; 
course, nid may also be regarded as a solution of an integral equation obtained 


06, 
from (J) by differentiation with respect to c,. 
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On the Connection of an Abstract Set, with Applications to 
the Theory of Functions of a General Variable. 


By Artuur D. PitcHer. 

In that portion of the thesis of Fréchet* which relates to the theory of 
functionst of a general variable there appear theorems which secure for a 
continuous function of such a general variable the more fundamental properties 
possessed by continuous functions of an ordinary real variable. For instance, 
given a system (Q; LZ), 7. e., a set Q of elements g on which a limit L satisfy- 
ing certain postulates is defined, a sufficient condition that every continuous 
function on Q (1) be bounded, (2) attain its bounds, is that Q be extremal t 
(compact and closed). <A sufficient condition that every continuous function 
on Q (3) assume every value between each pair of its values is that 0 be 
“continuous,” where the term “continuous” is defined in terms of a certain 
postulated correspondence between subsets of Q and the linear interval (0 1).§ 
Later, for a system (Q; 4) (i. €., a set Q of elements on which a distance func- 
tion 6 satisfying certain postulates is defined) it is shown that a necessary and 
sufficient condition for (1) and (2) is that Q be extremal.|| Fréchet does not 
consider (3) further. It will be recognized that (3) is a property not less 
important than (2) and (1). 

In his dissertation entitled “A Contribution to the Foundations of Fréchet’s 
Caleul Fonctionnel,”’{ T. H. Hildebrandt gives an excellent analysis of the 
Fréchet theory, securing many of the Fréchet theorems under hypotheses milder 
than those used by Fréchet. Hilderbrandt considers especially systems (Q; K), 
replacing the 6 of Fréchet by a relation K between the pairs of elements of & 
and the single elements of the class [m] of positive and negative integers m.** 








* « Sur Quelques Points du Calcul Fonctionnel,” Paris, reprinted in Rendiconti del Circolo Matematico 
di Palermo, Vol. XXII, pp. 1-64. 

+ The term “function” is used here and in the sequel in the sense of real-valued, single-valued function, 

{ Fréchet, loc. cit., § 11. 

§ Fréchet, loc. cit., § 12. 

|| Fréchet, loc. cit., § 51. 

{| AMERICAN JOURNAL OF MATHEMATICS, Vol. XXXIV, pp. 237-290. We refer to this paper in the 
sequel as Hildebrandt. 

**It is very convenient and precise to speak of this relation as a relation on OO, where Y is the 
class of positive and negative integers. Cf. § 69 of the memoir by E. H. Moore entitled “Introduction to 
a Form of General Analysis,” The New Haven Mathematical Colloquium, New Haven, 1910. The relation 
K, introduced by Moore is essentially the A relation used by Hildebrandt. 
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He conditions the K by postulates sufficient to secure the theorems of Fréchet 
and points out the precise relation between the K and the 6.* In particular 
Hildebrandt indicates that for a system (Q; K), where K is properly condi- 
tioned, a necessary and sufficient condition for (1) and (2) above is that 9 
be extremal. He does not consider (3). 

It is the purpose of the present paper to give, in terms of the K relation 
of Hildebrandt, a definition of the notion connectiont as applied to a general 
range; to give some simple but general theorems in the theory of functions of a 
general variable; to give for systems (Q; K), where K is properly conditioned 
and Q is extremal, a necessary and sufficient condition that every continuous 
function on Q possess the property (3) above; and finally to give a set of con- 
ditions necessary and sufficient that every continuous function on Q possess 
the properties (1), (2), (3). The theorems are applicable to the Fréchet 
systems (Q; 0). 


Consider a class Q=[q] of elements q, unconditioned except by the pos- 
tulates of the sequel, and the class [m] of all integers, positive and negative. 
Consider also a relation K between pairs of elements g,q, of Q and single 
integers m. Denote the fact that qg,g, and m are in the relation K by the 
symbol Kq,q,m. The relation K may have a variety of properties. (Cf. 
Hildebrandt, § 4.) For instance, the relation AK may be such that the following 
condition is satisfied : 

If m,<m,, then Kq,q.m, implies Kq,q,.m,. (1) 
In the sequel a K relation for which (1) holds is denoted by K', while K denotes 
the general K relation. 

In a system (Q; K) the sequence }q,} of elements of Q is said to have the 
element q as a limit if, for every m, there is’an u,, such that n>n,, implies 
Kkq,qm.t 

A function u is said to be continuous on the range Q=[q] of a system 
(Q; K) if, for every q and positive number e, there is an m,, such that Kq,qm,, 
implies |u(¢,)—u(q) |<e. 

The function u is said to be uniformly continuous if, for every e, there is 
an m, such that Kq,q,m, implies |u(q,) —u“(q2) | <e. 

Two elements q and q of the range Q of a system (Q; K) are connected 


for a given m if there is a finite set q,, d.,.---, q, Such that q=4, and d=» 





* Hildebrandt, § 6. 

+ The idea of the connection of an abstract range was first brought to my attention by Professor 
E. H. Moore at the time when I had the privilege of attending his lectures on “General Analysis” at the 
University of Chicago. 

F. Riesz, in his article “ Stetigkeitsbegriff und Abstracte Mengenlehre,” Atti del IV. Congresso Inter- 
nazionale dei Matematici, Rome, 1908, discusses the connection of subsets of an abstract point set. 

+ Hildebrandt, § 7. 
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and such that, for each pair q,q;,, of elements of the set, we have either 
Kq9:4,m or else Kq;4,q,m. 

The elements qq are connected if they are connected for every m. 

The range Q is said to be connected when each pair q,q, of elements of & 
is connected. 

The set OQ of a system ({; K) is extremal* if every infinitude of elements 
of Q gives rise to at least one limit element of Q. That is, if Q, is a subclass 
of © containing an infinite number of elements, then there is a sequence }q,,} 
of Q, and an element qg of Q such that Lq,=q. 


The following propositions relative to systems (Q; K) are easily proved. 

If q,q, are connected for m, and q,qg, are connected for m,, then q,q, are 
connected for m,. 

If ¢,q, are connected and q,q, are connected, then q,qg, are connected. 

If # is a connected subclass of O, then R+R’ is connected. (HR is the 
derived set of 9.) 

If O, is the class of all elements connected with a given q,, then Q, is closed. 
(A subset ©, of Q is closed in case all the elements of Q which are limits of 
sequences of Q, are also elements of Q,.) 

If O, is the class of elements composed of q, and all elements q connected 
with g,, and Q, the class of elements composed of q, and all elements connected 
with q,, then the necessary and sufficient condition that QO, and Q, have a com- 
mon element, is that q, and q, be connected. In fact, if OQ, and QO, havea single 
element in common, they are identical. 

The following proposition is for systems (Q; K'), 

If qg, and q, are connected for m, they are connected for every m,<m. 

Denote by 2, the set of real.numbers composed of the functional values of 
u, and by (2,), the set %, plus its derived set. The following theorem is rela- 
tive to a system (QO; K). 

THeorEM I, (a) If g, and q, are connected and u is a uniformly contin- 
uous function on Q such that u(q,) <<h<u(qe), then h belongs to (%,),.  (b) If 
© is connected and k is any number between two values of a uniformly contin- 
uous function u on Q, then k belongs to (%,),. 

The second part of the theorem is an immediate corollary of the first 
part. To prove the first part it is sufficient to prove that if u(q,) <0<u(q,), 
then 0 belongs to (%f,),. The method of proof is standard. (Cf. Goursat- 


Hedrick, “ Mathematical Analysis,” p. 145.) Denote by O = [q] the class of all 
elements g such that “(q) >0,and by O=[q] the class of all elements g such 








* Cf. Hildebrandt, § 10. 
33 
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that u(q7) <0. Denote by %, the set of all positive functional values of u, and 
by 2%, the set of all negative functional values of x. Then the lower limit of 
i, is either 0 or e>0. Suppose the latter to betrue. Then |u(q)—u(q) |>e for 
every gq. But since 9,9, are connected, there is for every m a pair InYm Such 


that either K ImImm or KGnUm™- Since uw is uniformly continuous, there is for 
e/2 an m,,. such that Kq,q,m,./. implies |u(q,) —u(q.) | <e/2. From above there 
is a pair qmjoQm,_j2 such that K dine /24me/xMe/ and such that | (Gee) — (qm) | 
>e/2. Thus we have a contradiction. 

TuroreM II. (a) If the class 2 of a system (Q; K) is extremal and 
Gi) I. are two connected elements of 2, and u is a uniformly continuous function 
on 2. such that u(q,) <h<u(q,), then h belongs to %,. (b) If Qs extremal 
and connected, then every uniformly continuous function uw on Q assumes every 
value between each pair of tts values. 

The second part of the theorem follows from the first. The first part may 
be seen readily as follows:* By the previous theorem h belongs to (2,),. 
Then either h belongs to %, or else there is a sequence {h,{ of numbers of 2, such 
that Lh,=h. This, combined with the fact that © is extremal, implies that there 


is a sequence }qg,} of 2 and an element qg, of Q such that Lg,=q, and Lu(q,) =h. 


It follows readily from this and the continuity of u that u(q,) =h. 

If Q is extremal, then every continuous function on O is bounded and 
attains its least upper and greatest lower bounds. (Cf. Hildebrandt, § 19.) 
From this and the previous theorem we have: 

TxHeorEM III. Jf aclass Q, of.a system (Q; K), is extremal and connected, 
then every uniformly continuous function won Q is bounded and assumes its 
least upper and greatest lower bounds and every value between these bounds. 

THeorEM IV. (a) A neccessary and sufficient condition that every func- 
tion uw uniformly continuous on OQ, of a system (Q; K'), be such that if 
“(q,)<h<u(q.) then h belongs to (U,),, is that q, and q, be connected. (b) 
A necessary and sufficient condition that every function u uniformly continuous 
on OQ, of a system (Q, K*), be such that every value between any two of its 
values belongs to (%,),, 1s that Q be connected. 

The second part of the theorem is a consequence of the first part. We 
have shown in Theorem I that the condition in the first part of the theorem is 
sufficient. To show the necessity of the condition, we show that if g, and q, 
are not connected, then there is a function uw, uniformly continuous on QO, such 
that u(q,) =1, u(qg,) =—1, and such that 0 does not belong to (4,),. 





* Cf. Hildebrandt, § 19. 
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In a system (9; K"), if gq, and gq, are not connected there is an m such 
that q,q, are connected for no m>m. Consider the division of 9 into sub- 
classes as follows: Q; is composed of q, and all elements g each of which is 
for some m>™m connected with g,. 3; is composed of gq, and all elements q 
each of which is for some m>m connected with g,. 3 is composed of all 
elements which are in neither 0; nor 93. Oj; and OQ; each contain at least one 
element. ©; may contain no elements. 

©), and OQ; have no common elements. It is clear that neither qg, nor qg, can 
be common to 9; and 93. Suppose there is an element q’, neither g, nor q, 
which is common to 9; and 93. q’ is connected with g, for a certain m,>m. 
q’' is connected with g, for a certain m,>m. Call m, the smaller of m, and m,. 
Then for m,, which exceeds m, g, and g, are connected. This contradicts the 
fact that g, and g, are connected for no m>m. From the way Q; is defined, it 
can have no elements in common with either 0; or 9). 

There is no m>™m for which a q; of OQ; and a q; of O23 are connected. For 
suppose there were such an m and such a pair of elements giq3. q; is connected 
with g, for m,>m. q:is connected with gq, for m,>m. Consider m, the smaller 
of m,m,, m,. For m,, q, is connected with gi, gq; with q,, and q, with q,. 
Therefore qg, is connected with g, for an m>m. This is a contradiction. 
Similarly there is no m>m for which a q; of OQ; and a q; of OQ; are connected. 
Neither is there an m>~m for which a q; of 23; and a gq; of OQ; are connected. 


Thus, if there is an m>m such that the relation Kqqm holds, then g and g must 
both belong to the same one of the classes 0), 23, 93. 

Now consider a function uw such that u(q) =1 if q belongs to 9), and such 
that u(q) =—1 if q does not belong to Q;. wu is uniformly continuous on Q, 
and the totality of its functional values consists of the two values 1 and —1. 

From the previous theorem and the example just given we have the 
following theorem: 

THEeorEM V. (a) A necessary and sufficient condition that every func- 
tion wu, uniformly continuous on an extremal set OQ of a system (OQ; K"), be 
such that if u(q,) <<h<u(q,) then h belongs to ,, is that q, and q, be connected. 
(b) A necessary and sufficient condition that every function uw, uniformly con- 
tinuous on the extremal set O of a system (Q; K"), assume every value between 
each of its values, is that 2 be connected. 

For systems (2; K) which are such that every continuous function on 2 
is likewise uniformly continuous, the preceding theorems hold if in the hypoth- 
eses uniform continuity be replaced by continuity. Hildebrandt shows* that in 





* Hildebrandt, § 22. 
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the case of systems (Q; K"*’), where 3, 6, 7 are properties of the relation K 
defined in a note below* and Q is extremal, the continuity of a function u on 
© implies its uniform continuity. In view of this, Theorems II, III, V hold for 
systems (Q; K"*’) if continuity be substituted for uniform continuity in the 
hypotheses. In particular we have: 

THerorem VI. A necessary and sufficient condition that every function u 
continuous on an extremal set Q of a system (Q; K*")+ assume every value 
between each pair of its values, is that OQ be connected. 

Hildebrandt also indicates} that a necessary and sufficient condition that 
every function u continuous on O of a system (OQ; A) (1) be bounded, (2) 
attain its bounds, is that QO be extremal. Using the results of Hildebrandt and 
Theorem VI, we have the following theorem: 

THeorem VII. A necessary and sufficient condition that every function u 
continuous on Q of a system (Q; K*") shall at the same time be bounded and 
attain its least upper and greatest lower bounds and every value between these 
bounds, is that Q be extremal and connected. 

Among the systems (OQ; K™®*’) of Hildebrandt are the systems (OQ; 34) as 
used by Fréchet.§ 

Various independence considerations might arise here, but we content 
ourselves by giving two simple examples of systems (Q; K1**’5) || where © is 
extremal. In the first of these examples Q is connected, and in the second © is 
not connected. 

(a) Q is the class of all real numbers q such that O<q<1. gq, and q, are 


in the relation Kq,q.m if |q,—q.|< a 
(b) OQ is the class of all real numbers q such that 0<q<1 or such that 
3<q<4. gq, and q, are in the relation Kq,q.m if [a1 Soe 


DARTMOUTH COLLEGE, March, 1913. 





* Hildebrandt, § 4. 

+ K has the property 3 if the relation Kq,q.m_ holds for every m_only inthe case when qg, and g, are 
identical. 

K has the property 5 if there is an integral-valued function, say ¢m, which increases indefinitely 
with m, such that, if we have the relations Kq,qg.m Kq.q,m, then we have the relation Kq,q:¢m. 

K has the property 6 if there is an integral-valued function ¢m which increases indefinitely with m, 
such that, if we have Kq,g,m Kq.q,m, then we have Kq,q:¢m. K*and K° are equivalent if K is symmetrical. 
Cf. Hildebrandt, § 4. 

¢ Hildebrandt, § 22. 

§ Cf. Hildebrandt, p. 266, foot-note. 
|| Hildebrandt, § 4. 























On Series of Iterated Linear Fractional Functions." 


By R. D. CarMicHAEL. 





Introduction. 


The two classes of power series (ascending and descending) are the most 
important series known to mathematical analysis. Recent investigations have 
brought to prominent notice another class of series which are also of prime 
importance; namely, the factorial series 





4,2 Ay4 0! 
eo © ao. a 


The simplicity and elegance of the general theory associated with these series 
is seen from the development of their fundamental properties by Landau.t 
Their importance throughout a large range of modern mathematical analysis 
is apparent from the demonstration by Watson} that most of the ordinary 
functions of analysis (which possess asymptotic expansions) actually are 
capable of being expressed in the form of convergent factorial series. “An 
earlier result, of a character similar to this, is due to Horn,$ who has shown that 
the divergent Thomé normal series, which satisfy a linear differential equation 
with rational coefficients, may be transformed into convergent factorial series. 
That these series may be of great value in special problems is effectively illus- 
trated in their recent use by Norlund,|| in his elegant paper on the integration 
of linear difference equations by means of factorial series. 

With factorial series are to be associated the so-called binomial coefficient 


series 
ra) s—] e—2 Lo. te 


n=1 


the general theory of which has recently been developed by Landauf and others. 





? 





* Presented to the American Mathematical Society, September, 1913. 

} Sitzungsber. d. Math.-Phys. Klasse d. Kgl. Bayer. Akad. d. Wiss., XXXVI (1906), pp. 151-218. See 
also the references in this paper. 

{In a memoir crowned by the Danish Royal Academy of Science. Published in Rendiconti del Cir- 
colo Matematico di Palermo, XXXIV (1912), pp. 41-88. See also the references in this paper. 

§ Mathematische Annalen, LXXI (1912), pp. 510-532. 

|| Rendiconti del Circolo Matematico di Palermo, XXXV (1913), pp. 177-216. 

{| Landau, loc. cit., pp. 192-197. See also the literature cited by Landau here and on p. 154 of the 
same memoir. 
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Now, power series (both ascending and descending), factorial series and 
binomial coefficient series are all included as special cases in the following two © 
types of series of iterated linear fractional] functions: 





y+ > a+ = 28 ,(a) 8, a S,(a) ’ (1) 


Qy+ % 0145; (22) 8, (27) ++ agh@), (2) 


g ios aS),_,(@) +b 
: - ex+d’ cS,_,(x) +d’ 
a, b, c, d being constants. We shall refer to these two series as of type I and 
type II respectively. 

If S,(x) =az, it is clear that (1) is a descending power series and that 
(2) is an ascending power series. If S,(z)=x+1, then (1) is a factorial 
series of the form above; while, if S,(x)=a—1, (2) is a binomial coefficient 
series of the form above. 

The object of the present paper is to develop the fundamental elements of 
a general theory of both the above types of series of iterated linear fractional 
functions. 

In $1 I introduce some preliminary notations and definitions and state 
some lemmas which are of frequent use in the convergence proofs. 

In § 2 I determine the character of the regions of convergence, of absolute 
convergence and of conditional convergence of series of both the types I and II. 
An upper bound to the magnitude of the region of conditional convergence is 
obtained. Thus we have generalizations of the corresponding theories for the 
ease of power series, factorial series and binomial coefficient series. The 
methods of Landau for series of the two latter kinds are in the main employed. 
The general plan of treatment is improved in one respect by the use of the 
criterion of Gauss for the convergence of series; thus it is no longer necessary 
to employ properties of the gamma function for factorial series and binomial 
coefficient series, or of corresponding functions for the other cases (treated for 
the first time in the present paper). It should be noted here that the general 
results are in some respects in marked contrast to the simpler ones for the 
special cases which have been investigated heretofore. 

In § 3 the regions of uniform convergence of the series are determined and 
some immediate consequences are stated. 

In § 4 I determine the boundaries of the regions of convergence and abso- 
lute convergence of the series in terms of their coefficients. 





ad—bc+$0; S,(x2) = k>1, 
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§1. Preliminary Definitions, Notations and Lemmas. 


In relation to the matter of convergence of series (1) or series (2), it is 
obvious that an exceptional réle is played by a point x for which S,() is 
either zero or infinity for some value of k. In the case of series (1), the point 
x=0 is also exceptional. Later, it will be seen that an exceptional role is 
played by a point x such that S,(x,)=2,, whence S,(z,) =x, for every k. 
Hence we shall employ the following definition: 

For series (2) a point x, such that S,(z,)=0, x or o, for some k, is 
called an exceptional point. For series (1) these points and the point 7=0 
are said to be exceptional. In either case, the remaining points are called non- 
exceptional points. 

By the region of convergence of series (1) [series (2)] we shall mean 
that portion of the plane which is made up of those non-exceptional points x 
at which the series converges and those exceptional points which have the 
property that there is some neighborhood of each of them such that all points 
in these neighborhoods (except possibly the exceptional points themselves) are 
points of convergence of the series. We also define similarly the region of 
absolute convergence of each series. 

We shall say that the substitution v’=S,(x) is the substitution correspond- 
ing to series (1) or to series (2); also, that these series correspond to the 
given substitution. 

Throughout the paper we shall require to have at hand explicit formule 
for S,(x) in terms of z and n. In the statement of these formule it is con- 
venient to distinguish four cases as follows :* 

Case A. The substitution z’=S,(x) has two double points in the finite 
plane. Denote these by a and 8. Then for the substitution itself and for the 
value of S,(x) we have respectively: 


x’ —o _,2=% k"B (x—a) —a(x—B) 

a'—B x—B” k"(x—a)—(“x—8) — 
Case B. The substitution v’=S,(xz) has two double points, one of them 
being at infinity. If the other is at a, then for the substitution and for S,,(x) 


we have respectively : 
v’—a=k(x—a), k#0,1; S,, (x) =k" (a—a) +a. 
Case ©. The substitution v’=S,(x) has only one double point, and this 
point lies in the finite plane. If it is at a, then for the substitution and for 
S,.(x) we have respectively : 


k-0, 1; S, (2) = 








* As a matter of convenience, the identical substitution is excluded throughout. This involves no 
loss of generality, since the series corresponding to the substitution «’—za, in each type, is of the same 
form as that corresponding to the more general substitution 2’ az, where a is any non-zero constant 
whatever. 
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1 _ __ ant (@—a) + 
“’—a «t—a sh, ‘at iee nt(a—a) +1 ° 

Case D. The substitution z’=S,(x) has a single double point, and this 

point is at infinity. Then for the substitution and for S,(x) we have respec- 


tively: 





a’=a+t, t#0; S, (x2) =a+nt. 

It is convenient to note here the behavior of S,(x) for » approaching in- 
finity. This is simplest in the cases C and D. Let & be any finite point which 
is not a double point of the substitution 7’=S,(xz). Then, in cases C and DJ, 
it is clear that lim S,,(z) exists and is the double point of the substitution. 


In case A [B], if z is any finite point which is not a double point of 
2'=S,(x), then lim S,(z) exists or not, according as |k|=+1 or |k|=1. In 


case |k| >1, the limit is the double point B[«]. Incase |k| <1, the limit is 
the double point a[a]. In case |k|=1, in which case the limit does not exist, 
it is clear that |S,(z)| is less than some fixed constant for all n greater than 
some N. ' 

It is convenient to state here the following lemmas which will be useful in 
several convergence proofs: 

Lemma l, Let b,, b,,0,,.... and Cy, C,, G, .... be two sequences of 
complex numbers such that both of the series 


ry 00 
> b, = [OC nts 
n=0 n=0 


are convergent. Then the series 


also converges. 
Lemma II. Let b,,b,,0.,.... and Cy, C,,C,,.-.. be two sequences of 
complex numbers such that 
t 
1) there exists a number B such that | > b,| <B for every t; 
n=0 


2) lim c, exists and ts zero; 


nrn=—@ 
«oo 
3) the series = |\c,—¢,4,| converges. 
n=0 


Then the series 


also converges. 
Lemna III. Let b,,b,, b,,.... be a sequence of complex constants and 
Cor Cry Coy ---- bE @ sequence of functions of the complex variable x which are 
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regular throughout a given domain D (including the boundary). Suppose that 
1) there exists a number B such that | S b,| <B for every t; 
2) as n approaches infinity c, wale 0 uniformly in D; 
3) the series © let | converges uniformly in D. 


Then the series 


2 b,c. 
converges untformly in D. ~ 
Lemma IV. Letb,,b,, b,,.... beasequence of complex constants such that 
the series b,+b,+b,+.... ts convergent. Let cy, ¢,,C,.... be a sequence 


of functions of the complex variable x which are regular throughout a given 
domain D (including the boundary) and are such that the series 


@ 


> | Ca —Cati | 


a=0 


converges uniformly in D, Then the series 


= b,c. 
is uniformly convergent in D. ian 

Elegant elementary proofs of the first three of these lemmas are given by 
Landau (loc. cit., pp. 155-157, 160-161); he also gives references to their 
earlier use. The fourth lemma appears to have been first employed by Niel- 
sen;* but Nielsen’s statement of it is not entirely accurate, as Landauf has 


already pointed out. 


§2. Character of the Regions of Convergence and Absolute Convergence. 


By means of lemma I we shall now determine the character of the region 
of convergence of the series 


¢. a, 2 An+1 
Q(z) =y+ F ies aS, (x) S,(x) ae .S,, (x) : 


Let x and x, be two non-exceptional values of x for the series. We shall 
assume that the series above converges for x=2,, and shall express this briefly 
by saying that Q(2,) converges. We shall determine relations between xz, 
and x, which are sufficient to ensure that Q(z,) also converges. 
Let us put 
— hn+y | a LoS, (Hy) So (Xp)... -S, (Xo) 
"GS; (4%) Sy (Xo)... -S_,(%) © G9, (%,)5,(a,)... -5,(%,) 














* Annali di matematica, (3) XV (1908), pp. 275-282. 
+ Sitzungsber. d. Kgl. Bayer. Akad. d. Wiss., Math.-Phys., 1909. 


34 
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Then the series b,+b,+b,+.... converges, by hypothesis. From lemma I it 
follows that the series b,c,+0,c,+b,c,+...., and hence the series 2(x,), con- 
verges provided that 






= len en+1 (3) 





is convergent. Here we have 
C,— __ US, (4%) - « . 8, (%) y— Dati (%o) 
sania ©S,(x,)...-8,(2,) S,41(%) 
For determining the relation between x, and x, so that (3) shall converge, 
we shall have use for the following formule, which are easily verified: 


Onley 2) = 3h | 























ape k*(a—8)*(a%4—2,) 
}k" (a%—a) — (%—B) | {k"B(2%,—a) —a(x,—B) } 
k* (%—2,) 
k"(2,—a) +a 





, in case A ;* 









, in case B; + (4) 













aia ae oe 















ae 1 
=1+ 7° Tap? incase D. 


The ratio r,(z,) of the (n+1)-th term to the n-th term of series (3) is 


¢.(a,)= |Qn41(%, a,)|° oo: a : ; 













Making use of the above values of the function Q,(%,, 2,), we have by obvious 

reductions the following formule: 

1 Le (%—a) — (%—B) tk" t'B (x,—a) —a(a%,—B) } 

so X,%,)|° ~ " 

ta) = [Qnsa on %) 1 > | Rr Rte(@,— a) — (BY PB (@,—a) —a(@,— 3) |’ 
in case A; 














ket} aa + 
= 1Qn41 (Mo: a) | ; Ga} i 
=1Q,4:(%»> 2) | ° {(n+1)t(a%—a) +1} § (n+1)at(x,—a) +2,} 
ii aiasieipciitie (n-+2)t(a,—a) +1} § (n+2)at(z,—a) +2, } 


in case C; 








|, in case B; 






























- —[ut(mt+i)i] . 
= |Q,41(%, 2,) | a,+(n+2)t » In case D. 
In the discussion immediately following we treat separately the cases A, 






B, C, D. 









*The definition of the several cases is given in § 1. 








In case A, several possibilities arise: 
1) If |k| <1 and a#0, then lim |Q,(2,, x,) | =1, and we have 


lim r,=|k|. 


2) If |k|>1 and G0, then lim |Q,(x, z,) | =1, and we have 


= i: 


3) If |k| <1 and a=0, we have by easy reductions 



































‘ , a, k"2,— (#,— 6) k*t1y,— (a —B) x, 
lim r,= lim 4] : i 2 . Q 0 — |“ 
n=0 n=o | Vy k*xy— (%)—B) k***a,— (%—) Uy 

4) If |k|>1 and B=0, we have similarly 
lm r,= = st St | 
a Ly Ly—a 











5) If |k|=1, we have 


k"*2B (a,—a) —ak(a,—B) | , | _k**#(2,—a) —k(a,—8) 
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[=a 


n 








kn +? (¢,—a) —(%—8) k"*?8 (x,—a) —a(%,—8) 





From these results we conclude that, in cases 1) and 2), Q(2,) converges 
for every x, (subject to the initial conditions specified above). In case 3), 


Q(x,) converges if 


























ss < %— B 
U % | 
In case 4), Q(xz,) converges if 
@,—a| — |%—a 
Dy a 1 


In case 5), Q(2,) converges if lim supr,<1. In several respects this case is 


exceptional. A corresponding exception arises under case B below; in con- 
nection with the latter, an example is given to indicate the nature of the 


irregularity. 
In case B, we have readily 
ee fae aed 
"| k"t?2(a¢,—a) +a |" 


Hence, if a=0 or if |k| >1, we have 








lm r,= 


n= 








In this case, series (3), and hence Q(z,), converges if |%,—aj>|2%—a|. 
a0 and |k| <1, we have 


lim r,= |k|; 


r= @ 
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and therefore, in this case, Q(a,) converges for every x, (subject to the initial 
conditions specified above). If a0 and |k| =1, Q(x,) will converge if 


lim sup r, <1. 


r—@ 







This last case is quite exceptiona] in its character. In our discussion 
below, we shall point out that the region of convergence (when it is not the 
entire plane) is always bounded by a circle (or a straight line, considered as a 
limiting case of a circle) except for cases A and B in which |k|=1. By means 
of examples we shall here show that in this exceptional case the region of con- 
vergence may be bounded by a curve of the fourth or even higher degree. 
Suppose that the substitution is 7’=—a2+2. Then S,,,(x)=z2 and S,,,.,(x) 
=—z+2. Consider the series 

1 1 1 1 

Ot) =t+ oe * ae 
If x is any non-exceptional value of 2, it is easy to show that this series con- 
verges if |%(z—2)| <1, and diverges if |z(z—2)|>1. Hence the boundary 
of its region of convergence is the curve |x(a—2)|=1. This is obviously a 
curve of the fourth degree. By taking a periodic substitution of period greater 
than 2, we should similarly obtain series whose regions of convergence are 
bounded by curves of higher degree. Similar examples are readily constructed 
for the case A, when |k|=1. On account of the exceptional character of the 
cases when |k| =1, they will be excluded from further consideration. 

We turn now to a further consideration of case C. We have readily 


-_ ({n+1)at(x%—a) +%}} (n+1)t(%,—a) +1} 
"| ({n+2)at(a,—a) +,}} (n+2)t(x,—a) +1} 
If a0, we have 


















aye teres 


x (x—2 





















‘<= =| 1i—= a “thoi ay 
where the terms omitted involve aie, powers of 1/n. Hence 


oe 
nN 












Applying the criterion of Gauss,* 
convergent. If a=0, we have 





we see that series (3), and hence Q(z,), is 
ving WM (n+1)tz,+1 


1/1 1 
a aa, 
"| a, (n+2)ta+1 n 


hence, if we use the notation R(z) for ~ pos part of 2, we have 


io i ns 


" ia 
n 





























errr 





r,=1— 


n 













* See “Encyclopédie des sciences mathématiques,” I,, p. 216. 
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From this, by aid of the criterion of Gauss, we conclude that series (3), and 
hence Q(z,), converges if 
1 ( 1 
RC )<B a) 


Finally, let us consider case D. Here we have 


i 





Lot (n+1)t 
L,+(n+2)t n 
Using again the criterion of Gauss, we conclude that series (3), and hence 


Q(x,), converges if 
RCP)> eG). 


In the discussion above we have noted that cases A and B are exceptional 
if |k|=1. The results for the other cases may be stated in the following 
theorem: 

THeorEM I,.* Let x, and x, be two non-exceptional values of x for the 
series 











=1— 


n 





eae ie . On+1 
Be) =at +S ceeeat.. ee 
and suppose that the series converges for x=x,. Then the series converges 
in the following cases: 

Case A.t If |k| <1 and a#0, or if |k|>1 and B#0, then Q(a,) con- 
verges for every value of x, (subject to the initial conditions specified above) ; 
if |k| <1 and a=0, Q(x,) converges if 

sc a ald 
Ly Xo 
if |k| >1 and B=0, Q(x) converges if 
M—a | — | Me 
2, Lo 

Case B. If |k| <landa#0, Q(x,) converges for every value of x, (sub- 
ject to the initial conditions specified above) ; if |k| >1, or if a=0, then Q(z,) 
converges if 























|2,—a|>|a—a|. 
Case C. If a0, Q(x,) converges for every value of x, (subject to the 
initial conditions specified above) ; if a=0, Q(x,) converges if 


R( ) <a): 


Case D. In this case, Q(%,) converges if 





* The subscript 1 [2] attached to the number of a theorem indicates that the theorem refers to a 
series of type I [II]. See the Introduction for definition of types. , 
+See the definition of cases A, B, C, D in $1. 
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L, x, 
RF) >BG). 

If one employs lemma II instead of lemma I, the above theorem can in 
some cases be slightly strengthened by requiring, in the hypothesis, that the 
sum of ¢ terms of Q(x,) shall be bounded in absolute value, instead of making 
the stronger assumption that this series converges. To prove this, it is suffi- 
cient to show further that c, approaches the limit zero as » increases indefi- 
nitely. This is equivalent to showing that the infinite product 
o S,,(Xo) 

21 5,(@) 
diverges to zero when x and 2, are connected by the relations given in the 
theorem. If we make use of equations (4) we see readily that this product is 
zero in case A if |k| <1 and a=0 or if |k| >1 and G=0, in case B if |k|>1 
or if a=0, in case C if a=0, in case D for all ¢. Hence, in these cases the 
theorem may be strengthened as indicated. 

It is not difficult to construct examples in which Q(a) converges for no 
non-exceptional value of x whatever. For the moment, we exclude this case 
from consideration. Then the region of convergence* of (x) is the entire 
plane in case A if |k| >1 and B#0, in cases A and B if |k| <1 anda +0, in 
ease C if a0. In all other cases the region of convergence may or may not 
be the entire plane, the fact in a particular case depending on the coefficients a 
of the series. We shall now take up these remaining cases separately and 
determine the exact nature of the region of convergence when it is not the 
entire plane. 

The results are simple in case D, and hence we shall treat this first. Con- 
sider the straight line (0¢) through the points 0 and ¢. If Q(x) converges at 
any non-exceptional point x on this line, it converges at every non-exceptional 
point to the right of a line through z and perpendicular to (0t), the directions 
right and left being determined by saying that ¢ is to the right of 0. From 
this it follows readily that there exists a straight line ] perpendicular to (0¢) 
such that Q(x) converges for every non-exceptional x to the right of / and 
diverges for every non-exceptional x to the left of 7. On J, its character as 
to convergence or divergence varies as in the case of a power series in rela- 
tion to its circle of convergence, as one might show by examples. The line / 
is called the line of convergence of the series. We may look upon / as a circle 
through the double point of the substitution z’=2-+¢ corresponding to the 


series Q(z). 





*See the definition of region of convergence in § 1. 
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In case C, when a=0, the results are analogous to those in case D, as we 
shall now show. Here the double point of the substitution corresponding to 
Q(az) is 0. Consider the system S of circles C which pass through the point 
0 and have their centers on the straight line (0¢) through the points 0 and ¢. 
We shall say that ¢ is to the right of 0. We make the following conventions 
concerning the interior and exterior of these circles C: If C lies to the right 
of the straight line / through 0 and perpendicular to (0+), we shall say that the 
interior of the circle is that part of the plane bounded by C and containing its 
center; if C coincides with /, its interior is to the right of /; if C is to the left 
of 1, then its interior is that part of the plane bounded by C and not containing 
its center. Now if Q(x) converges for any non-exceptional point on a given 
circle C of the system S, it follows from the above theorem that it converges 
at every non-exceptional point exterior to C. From this it is readily seen that 
there exists a circle C of this system S such that Q(z) converges for every 
non-exceptional point exterior to C and diverges for every non-exceptional 
point interior to C. Ata point on C it may either converge or diverge, as one 
might show by examples. The circle C will be referred to as the circle of con- 
vergence of Q(x). 

Under B we have two cases to examine; namely, that when a=0 and that 
when |k|>1. In either case the above theorem leads readily to the conclusion 
that there exists a circle @ about a as a center such that Q(x) converges for 
every non-exceptional point 2 exterior to C and diverges for every non-excep- 
tional point interior to C, the words exterior and interior being now employed 
in their usual (elementary) sense. The circle @ is called the circle of conver- 
gence of Q(z). 

Finally, under A we have also two cases to consider; namely, that when 
|k| <1 and a=0 and that when |k|>1 and B=0. On account of the simi- 
larity of these two cases, it is sufficient to treat in detail one of then alone; we 
take that when |k|<1 anda=0. Consider the systems S of circles C such 
that a circle C of the system is defined by the property that the distances of a 
point P on C from the points 0 and @ is a constant for all positions of P. 
This system contains as a particular case the straight line which bisects perpen- 
dicularly the straight line segment joining 0 and @. For every circle C the 
points 0 and @ are on opposite sides of C. The part of the plane bounded by 
C and containing 0[8] will be called the interior [exterior] of the circle. It 
is now easy to show, by aid of the above theorem, that there exists a circle C 
of the system S such that Q(z) converges at every non-exceptional point exte- 
rior to C and diverges at every non-exceptional point interior to C. The circle 
C is called the circle of convergence of Q(x). 
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Corresponding to theorem I, for series of type I, we have the following 
theorem I, for series of type II: 
TuHeorEM [,. Let x, and x, be two non-exceptional values of x for the series 


W (2) =a,+  0,8,(2)8,(2)....8,(2), 


and suppose that the series converges for x=x,. Then the series W(x,) con- 
verges in the following cases: 

Case A. If |k| <1 anda #0, or if |k|>1 and BO, then W(2,) con- 
verges for every value of x, (subject to the initial conditions specified above) ; 
if |k| <1 and a=0, W(2,) converges if 




















Xv _— pauee 
i? > %—B ,; 
Uy na) 
if |k| >1 and B=0, W(z,) converges if 
a —a | _ | %—a 
zy X 





Case B. If |k| <1 anda $0, Q(2x,) converges for every value of x, (sub- 
ject to the initial conditions specified above) ; if |k| >1, or if a=0, then W(2,) 
converges if 
|x,—a | < | %—a|. 
Case C. If a0, W(x,) converges for every value of x, (subject to the 
initial conditions specified above) ; if a=0, W(x,) converges if 


R(z)> BG): 


Case D. In this case, W (a2,) converges if 


x x, 

a(z)<8(7). 
For the proof of this theorem also we employ lemma I. We write 
' _ 8, (%,) 82 (%,) - . - 8, (4) 
"Si (%)S2(H) - - - Sn) 
Then the series b,+6,+b,+.... converges, by hypothesis. From lemma I it 
follows that the series b,c, +b,c,+b,c,+...., and hence W(a,), converges, pro- 
vided that 


b, =a, 5, (a) S, (Xp) 0 sB fm), C 








@ 
> |C,—C, 4, | 
a=1 


is convergent. Now this series may be obtained from (3) by multiplying each 
term of series (3) by |~,/2,| and in the result exchanging x and z,. Hence, 
we have only to repeat the argument for theorem I,, interchanging the réles 
of x, and z,, in order to complete the proof of theorem I,. 

By the use of lemma II instead of lemma I, it is possible to strengthen 
this theorem by a slight weakening of the hypothesis. The discussion is anal- 
ogous to that for theorem I,; it is omitted here. 
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It is clear that the present theorem enables us to determine completely 
the character of the region of convergence for W(x). It may consist of the 
entire plane or it may be non-existent, in special cases. Laying aside these 
possibilities, it is easy to see that the boundary of the region of convergence, 
in every case, must be of the same character for W(a) as for Q(x). In each 
case, however, the region of convergence for W(x) is on the opposite side of 
the boundary from that for Q(z). This is analogous to the corresponding 
facts for ascending and descending power series. This is natural, since W (2) 
contains ascending power series as a special case, while Q(x) contains descend- 
ing power series as a special case. 

We turn now to a consideration of the character of the region of absolute 
convergence of Q(z). Let us suppose that Q(2,) is absolutely convergent, 
and ascertain conditions which are sufficient to ensure that Q(z,) is absolutely 
convergent. One such condition is that the ratio 

a9 (20y) « «Sq (0) ; 
| “= 75,(a,).---8,(2,) ™ 
of corresponding terms of Q(2,) and Q(z,) is bounded in absolute value. 
Clearly this ratio is bounded if the infinite product 
* | S,(a) 
S,,() 
is convergent or if it diverges to zero. For the study of this matter we may 
make the same separation into cases as in theorem I,. By taking up each 
case separately, making use of equations (4), and applying elementary tests 
of convergence, or divergence to zero, of an infinite product, one may easily 
show that |c,| is bounded, in each case, provided that 2 and 2, satisfy the 
relations specified in theorem I, for such case. Hence we have the following 
result: 

TuHeorEM II,. If throughout theorem I, we replace the word “converges” 
by the words “converges absolutely,” we obtain a new theorem which is valid. 

By a precisely similar argument one may also prove the following theorem: 

TuHeEorEM II,. If throughout theorem I, we replace the word “converges” 
by the words “converges absolutely,” we obtain a new theorem which is valid. 

By a discussion in all respects similar to that which follows theorem I,, it 
is now possible to determine completely the character of the regions of abso- 
lute convergence of both Q(z) and W(x). It is clear that in each case this 
region is of the same character as the region of convergence for the corre- 
sponding case. Consequently, it is unnecessary to go into the treatment in 
detail. 








a=1 
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In view of the preceding discussion, it is an easy matter to construct series 
having the following interesting property: They converge for every non-excep- 
tional value of 7; they converge absolutely for no non-exceptional value of 2. 
We shall illustrate this remark by a single example. 

In case A, put a=0, B=1,k=2. Then we have 

2"2 


Sul) = tye pl * 





Consider the series 


ee hed Qn+1 
Bt) = wS,(v)....8,(x)’ 





where n 
_4\n 2 k+1 
Gati= ( = hal ee , 
For the non-exceptional value x=2, this series converges, but it does not con- 
verge absolutely. Hence, from theorems I, and II, (and an examination of the 
series for exceptional values of x) it follows that Q(x) converges for every x 
different from zero; it converges absolutely, however, only for the exceptional 


values 
1 


t= — as emi 2, o,.««.«% 
and then trivially, since for each of these values it has only a finite number of 
terms different from zero. 

This example raises the general question as to the character of the region 
of conditional convergence of the series Q(x) and W(x). It is easy to see, in 
the light of the preceding theorems, and for the case of a series of each type, 
that the region of conditional convergence may be non-existent (through the 
series either diverging everywhere or converging absolutely throughout its 
region of convergence) or may be the entire region of convergence, in the 
following cases: 

Case A: |k| <1 anda +0; |k| >1 and 60. 

Case B: |k| <1 anda #0. 

Case C: a #0. 

To investigate the remaining cases we proceed as follows: Let x, and 7, 
be non-exceptional values for the series Q(z). Suppose that there exists a 
constant A such that the n-th term of Q(2,) is in absolute value less than A 
for every ». Denote by'c, the ratio (given in (5)) between corresponding 
terms of Q(a,) and Q(z,). Then Q(z,) converges absolutely if 


Jey + Jee] + |eg]-+- 


converges. Now the ratio |c,|/|c,_,| of two consecutive terms of this series 
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is |Q,(%,%,)|. If, now, in investigating the convergence of this series, we 
employ equations (4) and make use of the simple ratio test and the Gauss 
criterion for convergence of series, we are led to the following theorem: 

TuHeEorEM III,. Let x, and x, be two non-exceptional values of x for the 
series 





a4 4 4$ nat 
(2) =a,+ — +S iia). aaa” 


and suppose that there exists a constant A such that the n-th term of Q(a,) is 
in absolute value less than A for every n. Then Q(x,) converges absolutely 
in the following cases: 
Case A. If |k| <1 and a=0, Q(2x,) converges absolutely if 

2,—B “ %— 8 

v; Uy 
if |k| >1 and B=0, Q(a,) converges absolutely if 
L,—a Ly—a 
ame < 
a, Xo 
Case B. If |k|>1, or if a=0, then Q(x,) converges absolutely if 


|z,—a| >|x%—a]. 


? 




















Case C. If a=0, Q(z,) converges absolutely if 


a (i)-2()>a 


Case D. In this case, Q(x,) converges absolutely if 


i. 
CG 
In a similar way one readily proves the following theorem: 


TueorEM III,. Let x, and x, be two non-exceptional values of x for the 
series 


Win E 4,8; (2) 8, (2) x clea, 


and suppose that there exists a constant A such that the n-th term of W (2) 
is in absolute value less than A for every n. Then W(x,) converges absolutely 
in the following cases: 
Case A. If |k| <1 and a=0, W(x,) converges absolutely if 
%—B | 5 | %—8 
2, Lp 
if |k| >1 and B=0, W(a,) converges absolutely if 
L,—a Ly—a 
Dy Xp 
Case B. If |k| >1, or if a=0, then W(x,) converges absolutely if 
|z,—a| <|%—a|. 


a» 


? 

















> 
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Case C. If a=0, W(2,) converges absolutely if 


R ()-8()>1. 


Case D. In this case, W(x,) converges absolutely if 


Lp LX, 
R(P)—R (Fi) >1. 

From the last two theorems it follows that Q(x) and W(x) both converge 
absolutely at every non-exceplional point in the interior of their regions of 
convergence, in the following cases: Case A, when |k| >1 and @=0; cases A 
and B, when |k|<1anda=0. Here the general theory is analogous to that 
of power series, as indeed it should be, since in these cases the series are direct 
generalizations of power series. 

In case D, the region of conditional convergence is a strip bounded by the 
line of convergence and the line of absolute convergence, the width of this strip 
being at most |¢|. It is possible to construct examples (cf. Landau, loc. cit.) 
to show that each of the logical possibilities may arise; namely, that the strip 
of conditional convergence is non-existent, that it exists and is of width iess 
than |¢|, that it is of width |¢]. 

In case C, when a=0, it is easy to see that there may again exist a region 
of conditional convergence. It is bounded by two circles, each passing through 
the point 0 and having its center on the straight line (0¢) through the points 
0 and ¢t. The maximum distance between the centers of these two circles—the 
circle of convergence and the circle of absolute convergence—is determined in 
the case of Q(x) [W(ax)] by means of the relation 


n(2)-e(2)s1_ [2(2)-2(2)s1] 


where 2, is on the circle of convergence and 2, is on the circle of absolute con- 
vergence. The greatest possible width of the region of conditional convergence 
is thus a function of the radius of convergence of the series. 

Examples might be constructed to show (for this case as well as for the 
preceding) that each of the three logical possibilities may actually arise. This 
may also be seen indirectly by observing that Q(x) [W(2)], for case C when 
a=O0, transforms into W(a—t) [Q(2+1#)] for case D by replacing xv by 1/z. 


§3. Uniform Convergence of the Series. Nature of the 
Functions Defined by Them. 


We shall now prove the following theorem: 

THEOREMIV. The series* Q(x) [W(ax)] converges uniformly throughout 
any closed domain D lying within its region of convergence and containing no 
point x which is exceptional for Q(x) [W(a)]. 





* The exceptional subdivisions of cases A and B in which |x| is unity are naturally excluded here. 
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Let us consider first the case of the series Q(x). Suppose that x is a 
non-exceptional value of x for which Q(x) is convergent; later we shall sub- 
ject x, to such further conditions as will serve our convenience. Write 

—_— Gat — TS (Lo) - - - -Sn(Lo) 
"gS; (2p) --- -S,(%) ? " @S,(x,)... 8, (2) ° 
Then the series b,+6,+b,+.... converges, by hypothesis. From lemma IV 








it follows that the series b,c,+0,c,+b,c,+....,and hence the series Q(%), con- 
verges uniformly throughout D, provided that 
= len—Cnts| (6) 


a= 


converges uniformly in D. 

Now series (6) is what series (3) becomes on replacing 2, by x; and there- 
fore we may employ the results of the reckoning in connection with (3) in the 
proof of the uniform convergence of (6). Thus we see that, when » increases 
indefinitely, the ratio r,(x) of two consecutive terms of (6) approaches a limit 
which is less than unity (whatever x, may be) in each of the following cases: 
Case A, when |k| <1 and a0 or when |k| >1 and 60; case B, when |k| <1 
anda+0. Hence it is easy to construct a comparison series of constant terms 
such that series (6) is term by term less than this comparison series. Hence, 
in these cases (6) is uniformly convergent. In case C, when a0, it is also 
unnecessary to place any restriction on x, since in this case 


2 
r,(%)=1—— +..... 


For, as a comparison series, one may employ a series of the form 
where A is a properly chosen constant. 

In each of the other cases it is necessary to place further restrictions on 2. 

In case A, when |k| <1 and a=0, we have 

| ar 

%—B 
Since z is in D and D lies within the region of convergence for Q(z), it is 
clear that x can be chosen so that the above limit is less than a properly 
chosen positive constant p (p<1) for every 2 in D. Hence, by means of a 
comparison series of constant terms of the form 


A+ Ap Gg... «s 


it may be shown in this case also that (6) is uniformly convergent in D. Sim- 


X% 


x 





lim r,(z)= 


r= 
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ilarly, one may deal with each of the following: Case A, when |k|>1 and 
8=0; case B, when a=0 or |[k| >1. 
In case C, if a=0 we have 


ar) 
nN 


Since x is in D and D lies within the region of convergence of (2), it is easy 
to see that there exists a positive constant 2¢ such that 


R (=)-# (zz) 2% 


for every xin D. Therefore, for the proof in this case that (6) converges 
uniformly in D, it is sufficient to construct a comparison series of the form 


» A 
>> mite? 


n=1 


where A is a properly chosen positive constant. Similarly, one may deal with 





r, (2) =1— 


case D. 

This completes the examination of all the cases for the series Q(x); and 
consequently the theorem is established for this series. 

It is unnecessary to give in detail the argument for W(2z), since it is so 
far similar to that for Q(x). It is sufficient to point out that one employs 
lemma IV, using for b, and c, the quantities 





For our case D (the case of factorial series and binomial coefficient series), 
Landau (loc. cit.) effects the proof of theorem IV by the use of lemma III. 
This lemma is obviously not sufficient for the more general case treated here, 
since it is not always true that c, approaches zero as » increases indefinitely. 

Now, if we make use of the well-known theorem of Weierstrass relative to 
the analytic character of the function represented as a uniformly convergent 
series of analytic functions, we are led (in view of theorem IV) to the follow- 
ing theorem: 

Tueorem V. The series Q(x) [W(a)] (at least if |k| is different from 
unity in cases A and B) represents a function which is analytic at every non- 
exceptional point x lying within its region of convergence. 

Certain exceptional points for the series are always regular points of the 
functions represented by them. Thus, a point which is exceptional for one of 
the series only through causing every term past a certain one in that series to 
vanish, is clearly a regular point for the function represented by the series, 
provided that it lies within the region of convergence of the series. 
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Furthermore, it is easy to show that a point (within the region of conver- 
gence of the series) which is exceptional only through causing every term of 
the series past a certain one to have a pole of the first order at the exceptional 
point, is either a regular point or a pole of the first order for the function 
represented by the series (compare Landau, loc. cit., p. 164, where a discussion 
of this matter for factorial series is given). 


§4. Dependence of the Region of Convergence on the Coefficients 
of the Series. 


In the preceding discussion of the nature of the regions of convergence 
of the series (2) and W(x) we have employed no properties of the (constant) 
coefficients except what is involved in the assumption of convergence or of 
absolute convergence for some value x, of x. We turn now to the question as 
to how the magnitude of the region of convergence depends on the actual coeffi- 
cients of a given series. 

In certain cases this question is trivial; namely, in those cases in which it 
is true that the series always converges [converges absolutely] for every non- 
exceptional x as soon as it converges [converges absolutely] for a single non- 
exceptional x. All that is necessary, in such a case, for a complete answer to 
the question is to determine the divergence or the nature of the convergence of 
the series for a single value of x, and then apply the general theorems of § 2. 

Our general question here has already been answered by Landau (loc. cit.) 
for the case of factorial series and binomial coefficient series. This obviously 
affords also the answer to the question for our cases D, since these obviously 
go over into the simpler cases (treated by Landau) by multiplicative trans- 
formations on 2. 

We have observed above that the simple transformation of replacing x by 
1/az carries our Q(x2) [W(a2)] for case C when a=0 over into our W(x—t) 
[Q(x+t)] for case D. Hence Landau’s theory affords an immediate means 
for the resolution of the present problem for case C when a=0. 

For case B when a=0 the series Q(x7) and W(x) are both power series; 
and hence the problem has been solved for this case. 

There remains for further consideration essentially two cases: Namely, 
case A when |k| <1 and a=0 (this being equivalent to case A when |k|>1 
and 8=0) and case B when |k|>1. These we shall now take up in turn. 
Since in each of them the boundary of the region of convergence coincides with 
that of the region of absolute convergence it is sufficient to treat only the former. 

Let us first consider case A when |k| <1 anda=0. We have 


ey ee B+0, k+#0, | | <1. (7) 





8, (%) = 
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ilarly, one may deal with each of the following: Case A, when |k|>1 and 
8=0; case B, when a=0 or |k| >1. 
In case C, if a=0 we have 


em (a-a() 


n 
Since x is in D and D lies within the region of convergence of Q(z), it is easy 
to see that there exists a positive constant 2¢ such that 


R (=)-# (=) 2% 


for every xin D. Therefore, for the proof in this case that (6) converges 
uniformly in D, it is sufficient to construct a comparison series of the form 


» A 
= mite? 


n=1 


where A is a properly chosen positive constant. Similarly, one may deal with 





r, (2) =1— 


ease D. 
This completes the examination of all the cases for the series Q(a); and 


consequently the theorem is established for this series. 
It is unnecessary to give in detail the argument for W (2), since it is so 
far similar to that for Q(x). It is sufficient to point out that one employs 


lemma IV, using for b, and c, the quantities 
_ 5,(a)S,(a)... 8, (a) 


b, =a, (%) S_(%) Seile a, (2), r= S, (2%) So(%) ; .. 9, (4%) ; 


For our case D (the case of factorial series and binomial coefficient series), 
Landau (loc. cit.) effects the proof of theorem IV by the use of lemma III. 
This lemma is obviously not sufficient for the more general case treated here, 
since it is not always true that c, approaches zero as » increases indefinitely. 

Now, if we make use of the well-known theorem of Weierstrass relative to 
the analytic character of the function represented as a uniformly convergent 
series of analytic functions, we are led (in view of theorem IV) to the follow- 
ing theorem: 

TueoremM V. The series Q(x) [W(ax)] (at least if |k| is different from 
unity in cases A and B) represents a function which is analytic at every non- 
exceptional point x lying within its region of convergence. 

Certain exceptional points for the series are always regular points of the 
functions represented by them. Thus, a point which is exceptional for one of 
the series only through causing every term past a certain one in that series to 
vanish, is clearly a regular point for the function represented by the series, 
provided that it lies within the region of convergence of the series. 
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Furthermore, it is easy to show that a point (within the region of conver- 
gence of the series) which is exceptional only through causing every term of 
the series past a certain one to have a pole of the first order at the exceptional 
point, is either a regular point or a pole of the first order for the function 
represented by the series (compare Landau, loc. cit., p. 164, where a discussion 
of this matter for factorial series is given). 


§4. Dependence of the Region of Convergence on the Coefficients 
of the Series. 


In the preceding discussion of the nature of the regions of convergence 
of the series O(a”) and W(a) we have employed no properties of the (constant) 
coefficients except what is involved in the assumption of convergence or of 
absolute convergence for some value x, of x. We turn now to the question as 
to how the magnitude of the region of convergence depends on the actual coeffi- 
cients of a given series. 

In certain cases this question is trivial; namely, in those cases in which it 
is true that the series always converges [converges absolutely] for every non- 
exceptional x as soon as it converges [converges absolutely] for a single non- 
exceptional x. All that is necessary, in such a case, for a complete answer to 
the question is to determine the divergence or the nature of the convergence of 
the series for a single value of x, and then apply the general theorems of $ 2. 

Our general question here has already been answered by Landau (loc. cit.) 
for the case of factorial series and binomial coefficient series. This obviously 
affords also the answer to the question for our cases D, since these obviously 
go over into the simpler cases (treated by Landau) by multiplicative trans- 
formations on 2. 

We have observed above that the simple transformation of replacing x by 
1/a carries our Q(x) [W(ax)] for case C when a=0 over into our W(x2—t) 
[Q(x+t)] for case D. Hence Landau’s theory affords an immediate means 
for the resolution of the present problem for case C when a=0. 

For case B when a=0 the series Q(x”) and W(x) are both power series; 
and hence the problem has been solved for this case. 

There remains for further consideration essentially two cases: Namely, 
case A when |k| <1 and a=0 (this being equivalent to case A when |k|>1 
and @=0) and case B when |k|>1. These we shall now take up in turn. 
Since in each of them the boundary of the region of convergence coincides with 
that of the region of absolute convergence it is sufficient to treat only the former. 

Let us first consider case A when |k|<1anda=0. We have 


deer B+, k+#=0, || <1. (7) 
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The boundary of the region of convergence is a circle whose equation is of the 
form P 
x— ; 
—~ | py (8) 
where p is a constant depending on the coefficients a,,a,, .... of the series. 
We have to determine p. We first prove the following theorem: 
TueEorEeM VI;. The two series* 
a,kit+2+---+"( 8)» @ 
lane. mar t= 2a 
in which S,,(x) <i the value given in (7), both converge or both diverge for 
any given value of x which is non-exceptional for Q(x). 
The proof falls into two parts. 
1. Suppose that ~(2) converges for a value x of x which is non-excep- 
tional for Q(z). We shall prove that Q(2,) is convergent. Write 

















Q(x) =a+ we — 








L,—B n Kit?+.-..+n(__ By" L n 
b. =a, ( ———]}, Cs : 
. ( Xo ) US, (Lo). +S, (%) \X—B 
The series b,+6,+.... converges, by hypothesis. Hence, from lemma I, it 
follows that Q(x,) converges, provided that 
= [en ent| (9) 
is convergent. 
We have 
fi tit... +9 (ye kr*1(—B) 1 hy 
C.--C,.414= —a 1— — 
: - XS, (%) ..- -S,, (LX) =e ( oer “2 L—B 





_ Kit2+.---tn¢__ yn Lo y (n= 
at IS, (2) es 8, (%) Ly— 6) Ly 


Thence the ratio r, of the (n+1)-th term to the n-th term of (9) is easily 
reduced to the form 





| k} (1—k"**) a,—B; | 
i ' 
%—B 
Therefore, lim r,=|k|; this being less than unity, it follows that (9), and 


hence Q(2,), converges. 
2. Suppose that Q(x) converges for a non-exceptional value x of x. In 
order to prove that 1(x,) converges, it is sufficient to write 
b= ills ae: a =x LyS; (Xo) - « a n(X) eI 
"GS, (Lo)... Sy (%) ’ , iblehiiile ce. a Xp 
and apply lemma I. It is not necessary to give the ele in detail. 








*It is convenient here to write the (constant) coefficients in Q(x) in a new form. Obviously, there 
is no loss of generality in this. 
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From the theorem just demonstrated it follows that the regions of con- 
vergence of Q(x) and (x) coincide. But Y(x) is a power series in 2, 
z= (a—8) /x, and therefore its region of convergence in terms of the coeffi- 
cients a, is known. It is the circle (8), where 

>= lim sup V Ja, |. 


rn—=@ 


Hence: 
Tueorem VII. The series Q(x) of theorem VI, has for the boundary of 
its region of convergence the circle 
«a—B 
x 


=P, 








where 
.= lim sup V |a,|. 
In a similar manner one may readily prove the following two theorems: 
TuerorEM VI,. The two series 


2 8§,(2)S,(2)....8, (2) : x \" 
Pia Se, jitet-tm(— Bye”? Mal= Sa, oe 





in which S,,(2) has the value given in (7), both converge or both diverge for 
any given value of x which is non-exceptional for W(x). 

THeEoreM VII,. The series W(x) of theorem VI, has for the boundary of 
its region of convergence the circle 
x 


zB |=" 








where 


>= lim sup V{a,|. 


We shall next treat the case B when |k|>1. We have 
S,(”) =k" (a—a) +a, |k| >1. 
We shall first prove the following theorem: 
TuerorEM VI). The two series 
a, = kt 


2 a 
an Ty k|>1; ae Se 
| | ¥¢ ) e=1 (~—a)" 


Q (a2) =a+ So + 5S 


@ any © ya, Kh’ (a—a) +a’ 
both converge or both diverge for any given value of x which ts non-excep- 
tional for Q(x). 

The proof falls into two parts. 
1. Suppose that )(xv) converges for a value x, of x which is non-excep- 


tional for Q(x”). We shall prove that Q(z,) is also convergent. We put 
a, _— kt ‘ 
— (%—a)" _ ‘Lo = k'(%4,—a) +a ee 





b 
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and apply lemma I. In order to show that Q(z,) converges, it is sufficient to 
prove the convergence of 


= event I. (10) 
We have 








ns kt) (a%—a) 
(to —a)* (1— pag ay a) 








as = mae a ; 


Hence, for the ratio r, of the (n+1)-th term to the n-th term of (10), we have 
readily 
sid k"+1(a,—w) 
"| kt? (a,—a) +a" 


Therefore, lim r,=|1/k|; this being less than unity, it follows that (10), and 





hence Q(2%,), converges. 
2. Suppose that Q(z,) converges, x, being a non-exceptional value of x 


for Q(x). In order to show that y(xz,) also converges, it is sufficient to put 
Mears kt _ sk (a—a) +a 1 
fo oe i "(@—a)" 


and apply lemma I. It is unnecessary to give the argument in detail. 








From the preceding theorem we have at once the following: 
TuHeoreM VII). The series Q(x) of theorem VI; has for the boundary of 
its region of convergence a circle about a as center with radius p, where 


p= lim sup Va,|. 
In a similar manner we may readily prove the following two theorems: 
TueorEM VI;. The two series 
oo n kt c— 
W(x) =a,+ Sa, 11 ( = ae 


a=acl 
both converge or both diverge for any given value of x which is non-excep- 
tional for W(x). 
TueoreM VII;. The series W(x) of theorem VI; has for the boundary 
of its region of convergence a circle about a as center with radius p, where 


>= lim sup V|a,|. 





, [kl>1; o(w)=Sa,(a—a)" 
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The Derivative of a Function of a Surface." 


By Cuarues A. FIscHEr. 





Introduction. 


In a paper published in the Atti della R. Academia dei Lincei,t Volterra 
has defined the derivative of a function of a curve, and has proved that if the 
derivative is continuous and approached uniformly, the first variation of the 
function is equal to the integral of the product of this derivative and the first 
variation of the dependent variable y, taken between limits equal to the values 
of the independent variable x at the end-points of the given curve. In a paper 
entitled “ A Generalization of Volterra’s Derivative of a Function of a Curve,’ t 
I have modified the definition of this derivative to make it applicable to a re- 
stricted set of curves defined by means of some ordinary differential equations, 
and applied some resulting theorems to the Lagrange problem of the calculus 
of variations. 

In the present paper I have given a definition of the derivative of a func- 
tion of a surface analogous to Volterra’s derivative of a function of a curve, 
and have proved substantially that if the derivative is continuous and ap- 
proached uniformly with any finite order, then the first variation of the given 
function is equal to the double integral of the product of the derivative of the 
function and the first variation of the dependent variable z, the integration 
taking place over the projection of the given surface on the 2, y-plane. I 
have also generalized this definition and theorem to make them applicable to a 
restricted set of surfaces, in a manner somewhat similar to that employed in 
my paper already referred to. 

The first section contains the definition of the derivative of a function of 
a surface, the theorem mentioned above, and a proof that the derivative must 
vanish at every point of a surface which minimizes the given function. In $ 2 





* Presented to the American Mathematical] Society, April 26, 1913. 
+ Volterra, Atti della R. Academia dei Lincei, Ser. IV, Rend. III,, p. 97. 
¢{ Fischer, AMERICAN JOURNAL OF MATHEMATICS, Vol. XXXV (1913), No. 4, p. 369. 
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the given function is taken as a double integral. Its derivative is found, and 
an application is made to the theory of maxima and minima of double integrals. 
In the remainder of the paper only those surfaces which give previously 
assigned values to a set of functions M,(S), M,(S),...., M,,(S) are consid- 
ered admissible. In § 3 it is proved that in the neighborhood of any admissible 
surface for which a certain determinant does not vanish, there are other admis- 
sible surfaces of the kind needed in finding the derivative of another function 
L (8S) relative to this restricted set of surfaces. In § 4 this derivative is defined 
and the theorems of the first section are proved to hold for the special set of 
surfaces also. In the last section all of the functions of surfaces considered 
are taken to be double integrals, and the results obtained in § 4 are applied to 
the isoperimetric problem of the theory of maxima and minima of double 
integrals. 


§1. Definition of the Derivative and Volterra’s Theorem. 


All of the functions of x and y considered in this paper will be defined 
over a region RF in the 2, y-plane, and will be assumed to be of class C“,* where 
ris an arbitrary positive integer. In the first part of this section R will be 
taken as a rectangle defined by the inequalities a<v<b and cS y<d, but 
later this restriction will be removed and R# will be an arbitrary closed region 
bounded by a curve of finite length. 

The surfaces S and S, will be frequently mentioned. They will be defined 
by the equations 

S: e=e(a,y), 

S.: e=e(x, y) +n (2, y), 
where the function 7(2, y) is assumed to have the following properties: It 
vanishes for all values of x and y outside of the region defined by the inequali- 
ties %—e<x“<m%+e and y—e<y<y+e, or as much of that region as is 
inside of R if the point (x, y,) happens to be on the boundary of R. Inside 
this region it has a permanent sign and is not identically zero. The absolute 
value of each of its partial derivatives up to and including those of order r 
is everywhere less than «, the function itself being considered as the partial 
derivative of order zero. 

The derivative of the function L(S) of the surface S can now be defined 
as follows: If the limit ; 





L' (S53 %, Yo) = lim 2(S2) — 
e=0 . 





* Bolza, “ Vorlesungen tiber Variationsrechnung,” p. 14. 
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exists uniquely, where o is defined by the equation 


a= frtefittn (a, y) dyda, (1) 


Yo—€ 
then this limit is said to be the derivative of the function L(S) at the point 
(Loy Yo), and it is said to be approached with order r. 
It will be assumed that if 8 is any surface in a fixed neighborhood of order 
r of the surface S, the function L(S) has the following property: For every 
6>0 there exists an e>0 independent of S and (2%, Yo), Such that the inequality 
L(8.) —L(8) 


- — L' (8; 25 Yo) <d 





is always satisfied. That is to. say, the derivative is approached uniformly 
- with order r in the neighborhood of the surface S. 

It will be assumed that for every )>0 there exists an e>0 independent 
of (2, yo) such that if S is any surface in the neighborhood (ce), of S, then 
the inequality 

|Z’ (8; %, Yo) —L' (S35 %, Yo) | <d 
is satisfied. That is to say, L’(S; x, y) is continuous with order r in the 
argument S. It will also be assumed that L’(S; x, y) is a continuous function 
of the variables x and y, and since the region RF is closed, it is uniformly 
continuous. 

A family of surfaces will now be considered which is defined by the 
equation 

B,: 2=2(2, y) +a(%, y, a), 


where the function w(x, y, a) has the following properties: All of its partial 
derivatives with respect to x and y vanish identically in a at every point of the 
boundary of R. They also approach zero uniformly in x and y when a ap- 
proaches zero, and vanish when a=0. If a numerically small constant value 
is given to a, the function a(2, y,a) has a permanent sign. The derivative 
@_(2, y, 0) exists, is continuous and approached uniformly. 

The extension of Volterra’s theorem, mentioned in the introduction, to 
functions of surfaces will be stated as follows: If the function L(S) and the 
surface S, satisfy the assumptions given above, then the derivative of L(S,) 
with respect to the parameter a is given by the equation 


GEWBe) | = Sfel' (S52, y)ora(a, y, 0) dyde. 
a=0 


Select the constant ¢ arbitrarily. Then divide the region FR into n? equal 
rectangles, calling their vertices (x,;, y;), where i and j have the range 0, 1, 2, 
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...+,”, and taking » so large that the dimensions of each rectangle are less 
thane. Evidently 7,=a, x,=b,y,=c, and y,=d. Now choose another positive 
constant h satisfying the equation nh(b—a+d—c)=«. A set of functions 
6,(x), 6,(a), ...., 6,(x%) will then be selected, satisfying the conditions 


6,(%)=0, (aS%,Sa,_,anda,Se<b), (i=1,2,....,n), 


0<0,(x) <1, (&%,_,.<"%<4,_,+h and 7,—-h<2<2@,), 
O(x)=1, (%_,+hSaSa,—h). 
Another set of functions 9,(y), 9.(y), ----,)$n(y) will also be chosen which 
satisfy the analogous conditions. The surfaces S;, will then be defined by the 


equations 
i—1 on , 


j 
Si: e=2(%, y)+ [= = 6, (©), (y) + % 8:()$, (y) Jota, Y,%), 
‘= + ors 
For convenience in notation S,;_,,, will sometimes be written S,,. 

After ¢ and » have been chosen, it is possible to find a positive constant a, 
such that if |a| <a, the surfaces S,; will all be in the neighborhood (e), of S. 
Then S;,, is the kind of varied surface used in forming the derivative 

DL’ (8, 5-13 Vi» Y;)5 
and since it is assumed to be approached uniformly, the following equation is 


satisfied : 


Qa 





> [L’(S;j-33 Xiy Y;) +é,] oe ¥_0;(%);(y) ones dyda, (2) 


i, j=1 
where &, the upper bound of |&,,|, approaches zero with «. The derivatives 
L’(S;;-13 %, y;) may be taken at any points of the proper rectangles instead of 
at the corners, if desired. Since it is assumed to be continuous in the argu- 
ment S, L’(S;;_,; 2; y;) can be replaced by L’(S; %,, y;). This changes the 
values of the quantities £,, but does not affect the property of their upper bound 
mentioned above. The double integral in the right member of equation (2) 
can be written 


f- f" G9) dyde— f" , [1—0,(x) 9; (y) ] a(%, Y, a) dyda 


M-1~ Yj-1 T4-1" Yj a 


= ff" 2%) ayaa + 2ann P—8t4—", (3) 
Qa : n 


Ti-” Yj 





where —1<A< 1, and 
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N> jee Yy, &) 
a 





The uniform approach to o,(z, y, 0) implies the existence of such a constant N 
for a, sufficiently small. If a constant M is chosen, satisfying the inequalities 
M>|L'(S; 2;, Y;) +&,|, (t, j=1, ) ere | 
the absolute value of the contribution of the last term of the right member of 
equation (3) to the value of the right member of equation (2) will be less than 
the quantity 2nhMN (b—a+d—c) =2MNez, which approaches zero withe. The 
absolute value of the sum of the terms involving £,, is less than EN (b—a) (d—c), 
which also approaches zero with «. The mean-value theorem implies that the 

equation 





r% Vv; a(2, y a) Es. wo(X;, cs a) 
f f — dydz= ot (4,—2,_,) (Y;—Yj-1) 


Te-1™ Yj-1 
is satisfied, where (;, y;) is a point in the rectangle over which the integra- 
tion takes place, and in accordance with the remark following equation (2) 
L'(S; x;, yj) can be substituted for L’(S; x,;, y;) in that equation. It follows 
directly that the equation 


€,a=0 a 


=SefeL'(S; x, y)wa(x, y, 0)dydax (4) 





is satisfied. 
It remains to be proved that 
lim L682) = (Sra) — 9. 


€,a=0 


(5) 





By definition S,,, coincides with S,, excepting over +1 rectangles in the 
x, y-plane whose dimensions are D—a and either h or 2h, and n+1 other 
rectangles whose dimensions are either h or 2h and d—c; and wherever the 
surfaces meet, the contact is of order r. The overlapping of the two sets of 
rectangles has no effect on the work here. The following lemma is needed to 
establish equation (5): 

If the surface S, is given by the equation 


S,: 2=2(2, y) +n(2, Y; a), 
where the function (2, y, a) vanishes identically over all of the region R 


excepting the rectangle (a<x<b; y—h<y<y,+h) where it has a permanent 
sign when a is kept constant, if there is a finite constant N satisfying the 


inequality 


oe | <N, 
a 
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and all of its partial derivatives with respect to 2 and y approach zero uni- 
formly with a, then, for sufficiently small values of h and |a|, the inequality 





BENE) <4hMN (b—a) (6) 


is satisfied, where M is any constant greater than the upper bound of | L’(S; 2, y) |. 

This can be proved as follows: Divide the interval [a,b] into n equal 
parts, calling the points of division 2,,”,,...-,%,—,- For convenience in nota- 
tion let x,=a and z,,=b. Then a set of functions y,(x), J,(x),...., b,_, (x) 
can be found which satisfy the conditions 


¥,(“) =1, (a<z<x,), (t=1, 2,....,m—1), 
0<¥,(v7) <1, (%<"<%4,), 
V(")=0, (44,5785). 
Then the surfaces S,, S,,...., 8,_, will be defined by the equations 
S;: z2=2(%, y) +(x) n(a, y, a), (402d, 2, . «xg 3), 
and for convenience in notation let S,=S and S,=S,. It follows from the 
definition of the derivative of a surface that 


P . _ 4s: L(S;) —L(S8;_,) 
L'(S;_15 Xj» Yo) = lim ag vor Ta). (x) —v,_, (x) ]n(a, y, a)dydax ° 


h,a=0 Tj1 Yo—h 
n=0 





Since this derivative is continuous and approached uniformly, the equation 


Ss == [L'(8; iy Yo) +E) Sor Suth li (@) —W,—1(@) | Tdyda 





is satisfied, where the upper bound of |£,| approaches zero with h anda. By 
definition |,(2)—,;_,(xv) | <1, and for sufficiently small values of h and a 


[L'(S5 %;) Yo) +E | <M, (t=1, 2,...., n), 


and 
(X,Y, a) | —v 
a 


The sum of the areas over which the integration takes place is 4h(b—a). If 
their upper bounds are substituted for the respective functions in the last equa- 


tion, it establishes the inequality (6). 
If the equation of S, is now taken to be 


2=2(, y) so > 0,() o(a, Y; a), 
«=1 


and the surface S,,, is taken instead of S, the function 7(x, y, a) becomes 
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n(2, ys 4) =|1—39,(y) ]26(x)0(a, y, a), 


which vanishes excepting in the n+1 rectangles (a<xu<b; y,;—h<y<y,;+h), 
(7=0,1,...., 2). Since the rest of the hypothesis of the lemma is satisfied, 
if it is applied n+1 times it will give the inequality 


| BS) 2 <4h(n+1)MN(b—a). (7) 








If the surface S, is taken instead of S, the function 7(2, y, a) will become 


[ 3 8.(2)—1 Joa, y, &), 


which vanishes excepting in the rectangles (7%,—h<u<a2,+h; c<y<d), (i=0, 
1,2,....,). Since the proof of the lemma is not affected by interchanging 
x and y and replacing a and b by c and d, the inequality 


—— <4h(n+1)MN(d—c) (8) 











is also satisfied for small values of h and |a|. Inequalities (7) and (8) can 
be combined, giving the inequality 





EG) LG) | <4h(n-+1)MN (b—a+d—c) <4MNe+4hMN (b—a+d—c). 


Since the right member of the last inequality approaches zero with «, equation 
(4) may be replaced by the equation 


dL (S,) 
da a=0 

The assumption that the region # be a rectangle is not essential. If it is 
any region bounded by a curve of finite length, a suitable rectangle R’ can be 
circumscribed about it, and the function 2(x, y) defined arbitrarily and w(z, y, a) 
taken as identically zero over the part of R’ not included in R. If the function 
L (8) is defined in such a’ way that it depends for its value only on that part of 
S whose projection on the x, y-plane is R, the derivative L’(S; x, y) will van- 
ish everywhere outside of R. The fact that it may be discontinuous at the 
boundary of R will have no effect on the proof of the above theorem. The 
theorem states that equation (9) would hold with R’ substituted for R, and 
therefore it holds as it stands. 

It will now be proved that if the surface S and the function L(S) satisfy 
the hypothesis of the last theorem and the surface S minimizes the function 
L(S), then the derivative L’(S; x, y) must vanish at every point of the region 
37 


=JSrb' (S; vs, Y)@, (2, Y; 0) dyda. (9) 
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R. Suppose there is a point (x, y)) where the derivative is positive. Then, 
since it is continuous, there is'a finite region including the point (2%, y,) where 
it is also positive. The function a(2, y, a,) can be chosen in such a way that 
its partial derivative a,(x, y, 0) will be positive in this region and zero every- 
where else. Then equation (9) will imply that 

an 


a 


and the surface S will not minimize the function L(S). If there is a point 
where the derivative is negative, the argument is essentially the same. 


§2. The Derivative of a Double Integral. 


The function L(S) will now be taken as a double integral, and the first 
necessary condition for a minimum as proved by Lagrange* will be found to 
be a special case of the last theorem of the preceding section. The arbitrary 
integer r which designates the order of the approach to the derivative will be 
taken as 2 in this section. 


Let 
L(S) =SSrf (x, Y, %, P, q)dydz, 


where f(z, y, 2, p, q) is of class C® in the neighborhood of values of the 
arguments determined by the surface S. The letters p and q represent the 
partial derivatives of 2 with respect to x and y. Choose a function y(z, y) as 
in§1. Then, by definition, 

— LS.) —L(S) =Serserelh (2, y, 2+ D+, I+Ny) —f(, y, 2, p,q) |dydx. (10) 


If the integrand of this expression is expanded by Taylor’s formula, it becomes 


f,(, Y; 2+6n, p+r,, q+6n,)n+fhnethonys 


where 6 is a constant between 0 and 1. It follows from Green’s theorem,} and 
the vanishing of y(a, y) along L, the boundary of the region over which the 
integral is taken, that the equation 


re — dydx=JSxf,ndy=0 


Lo—E VY Yo—eé 


is satisfied, and consequently the equation 


f “ f 0 fynedyde= oe f ae of ole ndydx. 


Xo—E VY Yo—eE Io—F Yo—€ 


Similarly 





* Bolza, loc. cit., p. 655. + Bolza, loc. cit., p. 654. 
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LK } nlydn=— ff Send ndydx. (12) 


y 
If equations (11) and (12) are substituted in the expanded form of equation 
(10), it becomes 
-1(8)= f°" ff — Be — 9) 
L(S.)—L(S)= ff & 3 — oe | nduae. 


Lo—€E “Yo—e 


Since (2, y) has a permanent sign, the mean-value theorem can be applied to 
the right member of this equation, reducing it to the form 
, Of, Of ls |, 
L(S,) —L — q 
(8) —L(8)=[4,-e- Fe 
where the arguments of the partial derivatives of f are 7) +e, y,t ue, 2(%+Ae, 
Yot ue) + Oy (%+AE, y+we), p+On,, and g+6y,, and o is defined by equation 
(1). The value of the derivative is then seen to be 
, ) % 
L' (S33 Loy Yo) =fz(%o» Yor =(%or Yo)» P(%o» Yo), U(X, y))— le — oe. 
It follows from the assumed continuity of the functions 2(a, y) and f(z, y, 2, 
p, q) that L’(S; 2, y) is continuous and approached uniformly with order 2. 
Therefore the Lagrange equation, 


is equivalent to the equation 
L'(S; 2, y) =0. 


§3. The Set of Surfaces K 


In this section there will be given m functions M,(S), M,(S),....,M,,(8) 
whose derivatives are continuous and approached uniformly with order r in a 
neighborhood of order r of the surface S. It will be assumed that there are 
some points (2,, Y;), (Loy Yo)y +++ +3 (Lm Ym) in the region R which satisfy the 
inequality 

M;(S5 5 Y;) 
(p28, 3...) 


+0. (13) 
A surface § will be said to belong to the set K if it satisfies the equations 
M,(S)—M,(S)=0,  (j=1,2,....,m). 
It will now be proved that for every e>0 there exists a )>0, which will 


always be taken as less than or equal to e, for which the following statement 
is true: If 7(x, y) is any function all of whose partial derivatives up to and 
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including those of order r are everywhere less than 6 in absolute value, and 
vanish along the boundary of R, then there is a set of functions 7,(z, y), 
No(L, Y),-+++3Nm(2, y) all of whose partial derivatives, up to and including 
those of order r, are everywhere less than ¢ in absolute value, such that 7,(z, y) 
vanishes identically excepting in the region (7,—e<uv<2,+6; y,—e<y<y;+e), 
where it has a permanent sign, and the surface 



























Sy: 2=2(, 9) +n(% y) + Ena, y) (14) 


belongs to the set K. 

A set of functions 7,;(z, y) can readily be found which vanish excepting 
in the specified regions where they have a permanent sign, and whose deriva- 
tives are numerically less than e«. Then it must merely be proved that there 
is a set of multipliers a,,a,, ....,a@,,, each numerically less than unity, such 
that the surface 


Sat e=e(a, y) + Sana, y) (15) 


belongs to the set K. Then the multipliers a, can be absorbed into the func- 
tions 7;(z, y) and the surface S/, written S,,. 


The determinant 


SEtESU tM; (S; x, y) n(x, y)dydax 


(2, g=zl, - ee m) (16) 





must be considered. If the mean-value theorem is applied to each element, it 
can be reduced to the form 

M;(S; Xj Yi) 
4, $4, By os <0g 


’ 


TL pecteputen.(a, y)dydx 
i=1 








where (%,,, y;,;) 18 some point in the proper region. It follows from inequality 
(13) and the assumed continuity of the derivatives Mj(S; z, y) that for suffi- 
ciently small values of ¢e this determinant can not vanish, and only such values 
of e need be considered. 

If e and the functions 7,(2, y) are considered as fixed, the expressions 
M,(S;,)—M,(S) are completely determined by the function (x, y) and the 
parameters a,,a,,....,@,, and may be represented by the equations 


M,(S;,) —M,(S) =9,(H; a, a,...-) Gm), (pi, 2.45.9), 





where H represents the surface in the x, y, y-space whose equation is 
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n=n (x,y). The surface whose equation is y=0 will be called H,. The 
following equations come directly from the principal theorem of $1: 





09; (H; Ay» Agy- +e ey Om) = db mete M5 (Sn3 x, y)n;(2, y) dydx, (17) 


0a, sail 
(4, gon, 2,.....<5 M03 
and the determinant 
09,(H,; 0, 0,...., 0) 
0a, 
(4, grcl, 2, 4. «5 0) 





is equal to the determinant (16), which can not vanish. The functions 9$,(H, 
@,,@,,..--,@,,) and their partial derivatives given by equations (17) are seen 
to be continuous in all arguments in the neighborhood of (H,; 0,0, ....,0). 
Thus the hypothesis of an existence theorem in the paper entitled “A General- 
ization of Volterra’s Derivative of a Function of a Curve,” * mentioned in the 
introduction, is satisfied. The fact that H now represents a surface instead of 
a curve has no effect on the proof of this theorem. The conclusion of this 
existence theorem is that for every «>0 sufficiently small there is a 6>0 such 
that to every admissible function y(z, y) there corresponds a unique set of 
constants a,,a@,,...-,@,, each numerically less than unity, which satisfy the 
equations 
0; (H; a,, a,,....,a,) =0, (jack, Fj...-< <9: i 


The surface Sj, then belongs to the set K. It is evident that if a 6 is effective 
for a particular value of ¢, as ¢,, it is also effective for every value of ¢ greater 
than «¢,, since the functions 7,(x, y) can bé taken identically zero over as much 
of the regions (%7,—&e<%“x<4%;+6; y,—e<y<y;+eé) as is desired, provided they 
are different from zero in a part of each. 


§4. The Derivative Relative to the Set K. 


The derivative L’(S; x, y3; 2, Yi) -+++3 Lmy Ym) Of the function L(S) rela- 
tive to the set of surfaces K can now be defined, and evaluated in terms of the 
derivatives L’(S; x, y), Mi(S; x, y), ...., M,(S; 4, y), if they are continuous 
and approached unformly with any finite order r. 

The function 7(z, y) discussed in the preceding section will be restricted 
by the additional condition that it vanish identically excepting in the region 
(Xp—E<uU<ate; y—e<y<y,te), where it has a permanent sign and is not 
identically zero. Then the limit 








* Fischer, loc. cit., p. 373. 
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L' (8 3 oy Yo V9 Yas +++ +9 Lay Yo) = lim — be ‘wold 


e=0 


L(S,,) —L (8) 
0 


will be called the derivative of the function L(S) at the point (x, y,), relative 
to the set of surfaces K and the points (2, Y,), (Ley Ye) +++ +9 (Lins Ym)» The 
integral o and the surface S,, have already been defined by equations (1) and 
(14). 

This derivative can be evaluated as follows: Define the surfaces S,, S,, 
..,S,,—, by the equations 


S): e=2(2, y)+n(4, y), 
S;: e=2(&, y) +n(a, y) + Em(2, y), (t=1, 2,....,m—1); 


and for convenience in the notation let 


O,= fritepyttn, (x, y)dyda, Gai, 2... .,9). 


Zqy—€ yi—e NG 
Then the derivative may be written in the form 
L' (S35 5 Yos Lys Ya +++) Unr Ym) = 
| fe) —L (8S) 4 5 L(S;)—L(S;_1) SI, 


oy 4=7 0; 0 








lim 
e=0 


which is easily reduced to the equation 
L' (S35 5 Yos Vis Yar ++ +9 Ur Ym) = 
Li (85%. 40) + ZL'(85 2, y,) lim. (18) 
i=1 e=0 


It is now necessary to evaluate the expressions 


Since S,, belongs to the set A, the equations 


M;(5,)—M(8) 9, (j=1,2,....,m), 
0 


are always satisfied. If ¢ is made to approach zero, they become 


M;(S; oy Yo) + 3M; (S; Xi Y;) lim =0, (j=1, 2,...., m). 


The determinant of the coefficients of lim o,/o is not zero, and therefore the 
solution is unique. Solving for these limits and substituting their. values in 
equation (18), it becomes 
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L' (S53 %oy Yos Vio Yrs +++ +2 Var Yu) =L' (GT; Mos He) — 
M;(S; %1,Y;)--M,(S; p19 Yx—1) Mi (S; Igy Yo) « -Mi(S5 ny Ym) 
Mz (S 5%, y,) --M2(S 5 1, Ye—1) Ma (S 5%, Yo) - -M2(S 5 ny Ym) 











SL’ S;x,, 
k=1 ( nM) M;(S; %;, y;) 


($23, 7, ....4 8) 


This may be written either in the form 
L' (Ss yy Yos Bir Yrs «++ +> Uns Yu) =L' (83 Xq5 Yo) + 2 Alle (55 Xo» Yo), (19) 


where the quantities 2,,4,, ...., 4, are defined by the equations 


L(G; 2,9) Gi tne)..-. Dia, mu) 
M,(S; %,,y,) Mi(S; 2, ye)...- Mi(S3 ty, Ym) 
My_s(S; 2, y,)Mia(S; %, Yo). ---Mia(S; my Ym) 
M;4:(8; Uy Y;) Mi 44(S8; Lay Yo)--- Mi (8; Lins Yu) 


eoeoceeeveeee ee ee ee eee eee eee eee ee ee we we wee wee ee ew ewe 


Mi (S; x,, M,,.(S; X, ee 8s 
a,=(—1)! M,,(S; X,, y:) (S35 %5 Yo) ( y | (20) 
M;(S; %;, y;) 


(i, goed, 3.2 














or in the form 
M;(S; %;, y;) , 

(i, j=1, 2, i a m2 (S; Xos Yos Vis Yrs «++ +9 Ur Yu) = 
L'(S; %, Yo) L'(S; 2, y,).--- L'(S3 ms Ym) 
M;(S; %, Yo) M;(S; 2, y,).--- Mi(S3 2%, Yu) 
M3z(S 3%, Yo) Mz(S; 2, y,)---- Mg(S3 2, Ym)|. (21) 


M,,(S; Xo Yo) M,,(S; Hy, Y;) cee M,(S; Lm) Ym) 








Since L’(S; x, y), M,(S; 2, y), ....,Mi,(S; x, y) are continuous and approached 
uniformly with order r, L’(S; 2, y; 2%, Y,, -+++) my Ym) IS also. 

The following equations, which will be used later, follow immediately from 
equation (21): 


L' (S53 %i5 Yes yy Yrs ++ +9 Lny Ym) =O, (t=1, 2, ...., m). 


The extension of Volterra’s theorem proved in $ 1 can readily be proved 
for the case where only surfaces of the set K are considered. Suppose that the 
one-parameter family of surfaces 
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Pe 2=2(a, y) +o(%, Y, @) 


discussed in § 1 belongs to the set K. Then it follows from equation (9) that 


Pe) ) = Sfal (Ss 2, y)oa(e, y, 0)dyda, (22) 
a=0 


and similarly 

dM;(S, , 

AmiPe) | = Sfabls(Ss 2, y)oa(a, y, 0)dydz, — (j=1,2,....,m). (28) 
The left members of equation (23) must vanish since S, belongs to the set K. 
If the right members are multiplied by 4,, a,, ...., Am respectively, equated 
to zero, and added to the right member of equation (22), it becomes 

dL (S, P 

— pT SS RE (S52 Ys Uy Yr +++ +> Uny Ym) @a(%, Y, O)dydx. (24) 

It will now be proved that if the surface S minimizes the function L(S) 
relative to the set of surfaces K, then the derivative L’(S; x, y; %,,y,,...., 
Lm Ym) Must vanish for all values of x and y in the region R. 

Suppose that there is a point (2, y)) where it does not vanish, and to fix 
ideas, suppose that it is positive at (a, y,). Then, since the derivative is con- 
tinuous, two positive constants h and k can be found such that the inequality 


L'(S; ©, Y3 ys Yry --+ +1 Ums Ym) > (25) 
is satisfied at every point in the region (%—h<a<a,+h; y—h<y<syth). 


Since the derivative vanishes at each of the points (2,, y,), (Xo) Yo), -- ++ 
(2mn> Ym), for every d>0 there exists an ¢>0 such that the inequality 


[L' (S53 %, Ys yy Yrs ++ +9 Mur Ym) |< (26) 
is satisfied at every point in each of the regions 
(%;—eSUSa,+8; y;—eSysy;,te), (t=1, 2, sesey M). 


Select a function (x, y) which vanishes at all points outside of the region 
(%—h<x<uth; y—h<y<y,+h), where it is positive, and m functions 
n;(x, y) which vanish at all points outside of the respective regions (7,—e< 
U<U;+e; yi—Ee<y<y;+e), where they are positive. Then it follows from the 
proof of the existence theorem of § 3, that if « is taken sufficiently small, for 
every value of a numerically less than a fixed positive number, there exists a 
unique set of numbersa,,a,, ....,@,,, each numerically less than another fixed 
number, such that the surface 


Soi e=e(a, y) +an(a, y) + Sam(2, 9) 
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belongs to the set K. The function w(x, y, a) will now be defined by the 
equation 

a(x, y, 4) =an(x, y) + Zan (a, y)- (27) 
As the existence of the partial derivative o,(%, y, 0) can not be easily proved, 


the assumption that it exists will be replaced by the less exacting assumption 
that there is a constant N, such that the inequality 


(a, y, a) 
a 








<N (28) 


is satisfied, for all numerically small values of a. This necessitates some 
changes in the statement and proof of the extension of Volterra’s theorem. 
Equation (4) must be replaced by the equation 


lim | (Sn) —L (8) 


€, a=0 Qa 


—Sc Sel’ (S53 x, y) —— dyde | —0, 


and equation (9) by the equation 





lim| Be) EO) _ 665 (8 2, yy AH 2) dyds | ~0, 


a=0 a 


The proof of the theorem will then be valid. In the present section equations 
(22) and (23) must be replaced by the equations 








Him | BGM) —Sfali (8; 2, y) 2H o) dydc | =0, (29) 
a=0 
and 
ee [ Ae) —Sfalt(8; 2, y) #9) dydc | =0, (30) 
a=0 


(gseky 2). «<5 OO): 


Since the surface S, belongs to the set K, equations (30) may be written 
lim ff_Mlj(8; 2, y) HY) dyde=0, (j=1,2,....,m). (81) 
a=0 


If equations (31) are multiplied by ”,, A,, ...-, Am, respectively, and sub- 
tracted from equation (29), it becomes by virtue of equation (19) 


lim [Ae —L(S) 


a 





a=0 
ol (Bs Gi 5 Fis Bis «++ <4 Mea Mel (5 Y, ) dyda =0, 32 
Y 1 1 a ) 


which is the desired generalization of equation (24). 
38 
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It will next be proved that if the function w(x, y, a) is defined by equation 
(27) a constant N must exist, satisfying inequality (28). Let 


Soi e@=2(a, y) +an(x, y), 


S;: e=2(x, y) tan(a, y)+ % any (2; Y)s (t=1, 2,...., m). 


Then, since S,,, which is the same as S,, belongs to the set K, the equations 








My(Sq)—My(8) _ MS) —MYS) 4 §M(S)—MV(S.-1) og 


a a ent 0; a 
are satisfied, where o,,0,,...., 6,, are defined by the equations 
— (ti+€ Cust 
O,= fr Sitean (x, y)dyda. 


When ¢ anda both approach zero, the determinant of the coefficients of o,/a 
approaches the determinant (13) uniformly, and therefore it can not vanish if 
|a| and e are sufficiently small. The terms 1/a[M,(S,)—M,(S)] approach 
finite limits as a approaches zero. Thus a constant N’, independent of ¢ and 
a, can be found, such that, if ¢ is given any value less than a fixed positive 
constant and then a.is taken less numerically than another constant, then the 
inequalities |o;/a|<N’ will be satisfied. Since the expressions 


CO. 
a eS nme (4, y) dydx 
a 


are positive and independent: of a, the ratios a,/a do not become infinite as a 
approaches zero; and if w(2, y, a) is defined by equation (27), a constant N can 
be found satisfying equation (28). Since N is not independent of «¢, it will be 
better to use N’ in what follows. 

Equation (32) may now be written 


L(8s) =) = SiS itn L! (S53 Ly Ys By Yry +++ +) Vn» Ym) NAY da 


a Xo—hJI Yoh 


+ 2% aref pire (S53 %, Y5 Hy Yup - 000s Xm Ym) 4 dyda+&(a), 


yi—€ 


where £(a) approaches zero with a. It follows from this equation and inequal- 
ities (25) and (26) that the inequality 





Io—h Yo—h 


L(S,) — > Kkfzorh Yoth ndydx—mN'd— | (a) | 
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is satisfied. Since the first term of the right member is positive and inde- 
pendent of 4, «, and a, if § is taken sufficiently small the inequality 


L(S.)—L(S8) 59 


is satisfied for small values of « both positive and negative. Therefore the 
ey : : 
surface S does not minimize the function Z(S). If L’(S3 x, yy3 %, Yyy --- ss 
Lms Ym) Were negative, the argument would be essentially the same. 
The quantities 2,,4,,....,4 
the 2m arguments ,, Y,, ----; my Ym; but in the special case where the deriv- 


defined by equations (20) are functions of 


m 


ative vanishes identically, they are constants, as can be proved as follows: 
Let 7, Yi, ---++)2my Ym be a fixed set of values for 2,,y,,.---,%my Ymy and let 
those letters without accents be considered as variables. Then the equations 


LBs % He5 Vis His --- +2 Bar Pa) = 
L'(S; Lis y;) + 2 Aj(% Yin -+++9 Em, Ym) M5 (S; Ls y y;) ax), 
j= 


2 i re 


are satisfied identically. Comparing the solutions of these equations with 
equations (20), it is evident that 


Ag (Ly Yry eee +9 Vms Ym) =Aj(%iy Yiy vee +5 Uny Ym), (= 1, 2,..-«, m). 


That is, A,,2,,..--, A, are constants. 


§5. The Derivative of a Double Integral Relative to the Set K. 
If the functions L(S), M,(S), ...., M,,(S) are defined by the equations 
L(S)=JSSef(#, y, % P, a) dyda, (33) 
M,(S)=JSJfrgj(% y, % VP, 7) dyda, Geek, 2) +.+s0g Sy (34) 


where 2(2, y), f(%, y, 2, p,q) and g;(%, y, 2, p,q) are of class C®, and the 
determinant (13) is distinct from zero, the derivative of L(S) with respect to 
the restricted set of surfaces is given by the equation 


a, WW. = Q9jn — 99, 
L'(S; Hy Y3 Uy Yyy e+e +y Ums Ym) =f,— An — 5+ 24] 96— a — 3F | ? (35) 


where the arguments of the partial derivatives of f and g, are a, y, 2(a, y); 
p(x, y), q(%, y), and the coefficients 2,,2,, ....,A,, are defined by the equations 
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a ee [4.— $254] 
* Oy J,% * O2 dy tm» Ym 
pe ee [oe 20) 
- Ox oy Me Is - Ox Oy Carta 
* — O9x-1p —_ O9x—19 | a * — O9x-1p — OGx—14 | 
LL ails Ox Oy 3%. a — Ox Oy Jtns Yu 
- — 99n+1p — Ax +14 | ~ * rr x41 | 
L. iad Ox Oy J M459 = — Ox Oy d ims Ym 
oe [on 2fon — 2m 
~— = Oy dam — O2 Oy Jens 
a= (—1)*! a 


E oad fr _ 81) 
ad Ox oy Leo Vi 


(i, ge 1, 2,....«.<5 





The right member of equation (35) equated to zero constitutes the first neces- 
sary condition that the surface S minimize the double integral (33) relative to 
the surfaces which give fixed values to the integrals (34). 


CotumBIA UNIvERSITY, April, 1913. 











Some [nvariants and Covariants of Ternary Collineations. 


By Henry Bayarp PHILLIPs. 





INTRODUCTION. 


1. The analytical basis of the present paper is the form of Grassmann’s 
Lickenausdruck which Gibbs called a dyadic. This, as the sequel shows, is 
merely a bilinear form from which the variables are omitted. It can then 
represent a collineation or correlation, and may be manipulated practically 
like an ordinary symbolical bilinear form. 

Using this as a basis, the object of the paper is in the first place to give 
an interpretation of the multiple products defined by Gibbs, and to obtain some 
of the properties of the invariants and covariants involved. The field of ope- 
ration is plane projective geometry, and the products are formed according to 
the outer multiplication of Grassmann. 

Finally, in the third part there is considered a skew symmetric function 
of any number of collineations which is called an alternant. It is a combinant, 
linear in the coefficients of each collineation, and presenting in some ways, for 
forms in two sets of variables, properties analogous to those of the expressions 
resulting from the outer multiplication of linear manifolds. 


Part I. Novation. 


I. The Open Product or Dyadic. 


2. Inaspace of two dimensions a sum of products of similar construction, 
each containing a factor X, can be written in the form 
(4, X) B, * (A, X) B, - (A; X) B;, 
where the parentheses are used merely to show the order of multiplication. 
A,, B, and X are geometric quantities, points or lines of the plane, and all 
products are formed according to the outer multiplication. This can be con- 
sidered as resulting from the operation of X on the expression 


A,()B,+A,()B,+ 4; () B;, 
the operation consisting in placing the variable X in the parentheses. This 








last expression is an example of what Grassmann called an open product.” 


* « Ausdehnungslehre” (1878), p. 265. 
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Gibbs wrote the open product in the form 
, A,B, + A,B, + A; B,, 
and from the nature of its construction called it a dyadic.* The variable is 
supposed to operate on the dyadic from the outside, and so give as result 
(X A,) B, + (XA,) B, + (XA,) B, 
or 
A, (B,X) + A, (B,X) + A; (BX), 
according as X is used as prefactor or as postfactor. 

In the present paper the notation of Gibbs is used, and outer products are 
represented either by placing the letters in parentheses or by placing a bar 
over them. It is found convenient to use the parentheses when the product 
reduces to a scalar, or number, and in all other cases to use the bar. Unless 
otherwise expressly stated, the variable is supposed to enter as postfactor; 
i. €., the dyadic operates on the variable. From analogy with the ordinary 
symbolism for a row product we write 


AB=A,B,+A,B,+ A,B. 
It is to be observed that A, and B, in this expression have definite sizes or 
intensities. If they are only projectively given, the dyadic has the form 
AB=1,A,B,+4,A,B;, +4,4;B;, 
where the A’s are numbers determined when definite intensities are given to 
A, and B,. ; 

3. As an operator the dyadic gives a linear transformation of quantities 
contragredient to b;. For, X being such a quantity, since (B,X) is a number, 
A(BX) =A, (B,X) A, + a, (B, X) A, +A; (B,X) Az, 

which is a simple quantity of the same dimension as 4,. 
There are two cases of present interest. When A, and B, are contra- 
gredient, we have a collineation; when cogredient, a correlation. 
A dyadic of the form 
AA =A, A, A, + Ay Ay by, + Az As Hey 
where the a’s are points and the a’s lines, + represents a point collineation. { 





+ Gibbs’s “Vector Analysis” (Wilson), Chap. V. 
* We shall use the letters a, b, c, x, y to represent points; a, B, y, & » to represent lines; and the 
large capitals A, B, C, X in general discussions to represent either points or lines. The letters \, yu, v, p 
will be used to represent abstract numbers. 

} In the notation of Clebsch this is of course 

(a £) (av) = Di (aig) (aiv) —0, 

where « is given and é variable. If & were given and « variable, we should write the dyadic aa. We thus 
regard the dyadic not as giving a connex but as determining a definite transformation. 
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In particular, to the point a, a, corresponds the point 
A (Hh Ag) = A, (aH, Ly Hy) A. 
To the vertices of the triangle « then correspond the points a,. Since the lines 
of the plane can be expressed as linear functions of any three not passing 
through a point, we can assume the «’s to be any three linearly independent 
lines of the plane, the collineation then determining the corresponding points a,. 
Similarly, the dyadic 
AB = 2, a, By + Ag ty By + Ay ay By 
represents a correlation in which the lines a, correspond to the points of the 
triangle 8. <A similar interpretation can be given to the dual forms aa and ab. 


Il. Tetrad and Counter-tetrad. 


4. <A eollineation or correlation is determined by four sets of corre- 
sponding elements. It is sometimes useful to have the dyadic expressed in 
terms of these corresponding elements. Since the postfactors in the dyadic 
are complementary in dimension to the variable operated on, we must associate 
with a set of four points a set of four lines to be used as postfactors. For this 
purpose we associate with a 4-point the set of four lines obtained by taking the 
polar of each point with respect to the triangle of the other three. It is well 
known, then, that conversely from this 4-line the 4-point is obtained by taking 
the polar of each line with respect to the triangle of the other three. These 
mutually related systems have been called tetrad and counter-tetrad.* 

Four points p; in the plane satisfy a linear relation 


(D2 D3 Ps) Py — (DP, Ps D4) Do + (Pi Po Ps) Ps — (Pi Do Ds) Dy = 9. 
Represent the terms (p, p3),) P;, ete., in this equation by the letters a,, a,, ete. 
The equation then becomes 
a, + a,+a,+a,= 0. (1) 
Operating on this identity with the products a; 4; we find that the products 
(a,a;4,) are all equal in absolute value. If no three of the points lie on a line 
(which we shall always assume), we can replace the points a; by such multiples 
of themselves that (1) still holds and 
(a, @,4,) = 4. 
We now have 
(a,a;4,) = +4, (i<j<k), (2) 
the sign being positive or negative according as 1, j, k is complementary to an 
odd or an even term of the sequence 1, 2, 3, 4. 





* F. Morley, T’'rans. Amer. Math. Society, Vol. IV, p. 291. 
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Using the letter a, for the polar of a, with respect to the triangle a,, a, a, 
(second polar of a, with respect to the triangle a,a,, a;4,, @,a,), and similarly 
a, for the polar of a; with respect to the corresponding triangle, we find by 
using (1) and (2) and choosing the intensities of the «’s properly, 

















4a, = — A, ds — Ag A, — A, Ao, | 

4a,= a4,+4,4,+ 4,4, (3) 
4a; = — a,da, — 4,4,— 4,4,, 

4¢4,= 4,a,+4,4,+4,4,. | 





From these equations by addition we obtain 


a,+a+ta,+a,=—0. (4) 
Multiplying the equations (3) by a; and making use of (2), it is easily seen that 
(a;a;) =3, (a,a;)=—1, (i= 7). (9) 


These last equations are sixteen in number. From the equations 


= (a; %;) a (a;a;) =0 


it is seen that seven of them have for effect to make a; and a, subject to the 
conditions (1) and (4). The remaining nine equations of (5), when one of 
the tetrads is given, determine the eight geometrical constants of the other 
together with an intensity not fixed by the equations (1) and (4). The 
equations (5) may then be taken as canonically defining a tetrad and counter- 
tetrad. Their symmetry in a, and a, indicates the mutuality of the relations 
of the two tetrads. 
From (3), by direct multiplication and the use of (2), we get 


A; &; = ,— Ay, (6) 
where i,7,k,/ is any positive permutation of the numbers 1,2,3,4. Multiplying 
by a, and using (5), we get 

(a;,a;0,) = +4, (@<j<k), (7) 
the sign being positive or negative according as 1,7, k is an odd or an even 
minor of 1, 2,3,4. Finally, from (3), by subtracting the equations in pairs 
and using (1), we get 


A; A; = A, — Ay, (8) 
the rule of sign being the same as in (6). Equations differing from (3) only 
in the interchange of a’s and a’s can easily be proved. 

5. The application of the preceding to the study of dyadics in the plane 
is now simple. Consider the collineation 


X (ay ds 4,) (B, Bs 8.) 4: B;; (9) 
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no three of the points a; being on a line, and no three of the lines 6, passing 
through a point. Taking a; and 8, subject to the conditions (2) and (7), the 
products (a;a;4,) (8;8;@,) all become equal and (9) becomes a multiple of 


a, B, + a, By + a3 Bs + a, By. 
Operating on this with b,, a point of the counter-tetrad of 8, and making use 
of (5), we get 
3a, — a, — a, — a, = 44,. 
The points b, pass by (9) into the points a;.. The collineation therefore trans- 
forms the associated system b, 8 into the system a,a, and so the dyadic in this 
form involves a correspondence of tetrads. 
In the same way we see that 


X (Gy Gg 4) (8, Bs B,) a, B, (10) 


is a correlation which transforms the counter-tetrad of 6 into a, and so carries 
the system b, 8 into the system a, a. 


Part II. Mvturtrete Propvucts. 


I. Multiple Products are Complete Invariants. 


6. With two dyadics 4A’, BB’ is connected a form AB A’B’ which Gibbs 
called the double product of the two dyadics.* It is formed by multiplying the 
dyadies distributively, each pair of terms combining to form a product in which 
the prefactor is product of prefactors and postfactor product of pustfactors. 
Gibbs showed that this double multiplication is distributive with respect to a 
resolution of either dyadic or is invariantive, as is readily seen upon expansion. 

So with a system of dyadics are a series of multiple products given by 
the various ways in which prefactors and postfactors can be independently 
combined. From their construction it is evident that such forms retain their 
significance when the prefactors and postfactors are transformed separately 
and therefore belong to the class of functions that Pasch called complete in- 
variants.t If the dyadics appear as transformations operating on the elements 
of a certain field, since a transformation of postfactors amounts to a trans- 
formation of that field, it follows that the geometric interpretation of a multiple 
product must involve an arbitrary initial field. If, for example, a system of 
collineations and correlations in the plane operate upon four points, the mul- 





* Loc. cit., p. 306. The function here considered is a double product only in the sense that it is 
formed by a certain double process. It is neither the sealar nor the vector, but the combinatorial double 
product. All of these have certain properties in common which characterize double multiplication. - 


¢ “ Vollkommene Invariante,” Math. Annalen, Bd. 52, p. 128. 
39 
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tiple products will give results independent of the initial 4-point, 7. e., invariants 
and covariants of the resulting tetrads. Illustrations of this property will 
appear in the discussions that follow. 


II. Apolarity of Collineations. 


7. Consider two contragredient collineations aa and Bb; the first an 
operator on points, the second an operator on lines. They have a double 
product invariant (a8) (ab). When this vanishes, the collineations will be 
ealled apolar. 

To see the meaning of this, write 

AA =A, A, A, +A, Ay Oy + Ag Ay Bs y 
Bb = by, By b, + by By ds + tts Bs ds , 
and take Ab = Aa as reference triangle. That is, place 
(6;a;) =1, (b,a,) =9, (t$k). 
We then have 
(a8) (ab) =A, uM, (a, By) + As ly (Ay Bo) + As Us (4s Bs). 


This obviously vanishes when, for each value of the subscript, a; is on 8;. Two 


triangles so related that each point of the one lies on the corresponding line 
of the other will be called incident. Now Aa and A are the correspondents of 
the reference triangle with respect to aa and 8b. Hence, apolarity is the con- 
dition under which two collineations can send a triangle into a pair of incident 


triangles.* 

A ecollineation apolar to the identical collineation sends certain triangles 
into incident or inscribed triangles. Such a collineation has been called normal. 

Write the given collineation 

AA =A, 4,4, + A, Ay by + Az Ag Oy y 
and the identical collineation 
A, A, + G, Ay + Ay As, 
where Aa = Az is reference triangle. The apolarity condition is then 
A, (4, &) + Az (Ay Hy) + Az (As 4g) = (Aa) = 0. 

Hence the condition for normal collineation is the vanishing of what Gibbs 
called the scalar+ of the dyadic. 

8. Another interpretation for apolarity is obtained by using the system 
of counter-tetrads explained in Art. 4. The vanishing of the invariant 





* M. Pasch, Math. Annalen, Bd. 23, p. 431. }~ Loc. cit., p. 275. 
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(a8) (ab) gives the condition that the collineation 


a(ab)B 
be normal. Hence, if aa and 8b operating on a certain tetrad and counter- 
tetrad give a 4-point a, and a 4-line @,, the collineation which transforms b; 
(the counter-tetrad of @;) into a; will be normal. According to (9) the col- 
lineation which carries b; into a; is 


X (A, 3 4) (Bo Bs Bx) a, B,- 


Therefore, the condition that the collineations aa and 8b be apolar is 


X (a, dz 4.) (Bs Bs By) (4, 81) = 9, (11) 
where a, and 8, correspond respectively through aa and @b to a tetrad of points 
and its counter-tetrad of lines. 

It is to be observed that (11) is linear in each of the quantities a; and £;. 
Hence, if all of those quantities except a point a, are given, it will lie on a 
definite line; and if all except a line @, are given, it will pass through a definite 
point. Therefore, a 4-point and 4-line subject to the condition (11) determine 
a tetrad of lines through a; and a tetrad of points on 8;, consisting, in fact, of 
the evectants of (11) with respect to a; and £,. 

If we write a, and @; in such form that the equations (2) and (7) hold, 
the apolarily condition (11) can be written 


(dy a3 44) (4, B,) — (a, A Ay) (Ay By) + (Ay Ay Ay) (4g Bg) — (4, Ay Ag) (@, By) = 9. 
Placing (a,a,4,) = 4, we get for the evectant with respect to a, 
4y, = 4B, — (4,8) asa, + (3 By) a, a, — (4, By) dy a « 
Placing a, as counter-tetrad of a;, this can be written in the form 
4y,=4}B,—4[ (4,81) a, + (4, By) % + (a5 Bs) a3 + (a, 84) a1}; 
as is readily seen upon multiplying the right-hand members of both equations 
by each of the points a, and using the identity 


(a, B,) + (@, By) + (a5 Bs) + (a, 8.) =9, 


to which (11) reduces. Since the expression in brackets is symmetrical with 
respect to the numbers 1, 2, 3,4, we can finally write 


¥=Bi—4, (12) 


n = 44,8) a, + (ay Bz) a + (ds By) ty + (4, B,) %]- 
From (12) and (8) we have 
%2— 11 = P.—B, = bgh,, 
where b is the counter-tetrad of 8. Hence, if we order to the lines y, the 


where 
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points b,, it follows that each pair of lines intersect on the join of the remaining 
pair of points. Such a 4-point and 4-line may be called chiastic.* 

From the symmetry of (11) in a, and 6, we are now able to write the 
evectant with respect to 8; in the form 


¢,=a;—Y, (13) 
y=4[(4a,8,)b,+ (a, 8) b.+ (a, B;) bs + (4, B,) D4). 


Therefore, the 4-point c; and the 4-line a, are chiastic. 

The geometric interpretation of apolarity then leads to the following 
statement of a theorem of Pasch: t 

T'wo apolar collineations transform any 4-point and associated 4-line into 
a 4-point a; and a 4-line 6; such that there is a 4-line through a, chiastic to the 
counter-tetrad of 6;, and a 4-point on £, chiastic to the counter-tetrad of a,. 

From (13) it is observed that the tetrads c; and a; are perspective, y being 
the center of perspective. Since counter-tetrads are chiastic, this is a special 
ease of a theorem of Pasch which states that any pair of 4-points chiastic to 
the same 4-line are perspective. 

9. It has already been observed that the apolarity of the collineations 
aa and 8b amounts to the vanishing of the linear invariant (scalar) of 


where 


| a(ab)P. 
For brevity we shall write 
S, = aa, t= 6B, 
Oo, = aa, o, = Bb; 


and generally we shall designate a collineation by s, and its inverse in contra- 
gredient form by o. The collineation written above is then s,s,. As a con- 
venient abbreviation we shall denote the linear invariant of any collineation 
by the symbol of that collineation placed in parentheses. Thus the apolarity 
of aa and Bb is given symbolically by 
(2,4) = 0.4 
From the definition it follows immediately that 
(5,52) = (S,$,) = (6,6,) = (6,0,). 

Similarly, we shall sometimes find it convenient to denote the linear 

invariant of the product of any number of collineations s,, s,, ...., 8, by 





* Cf. Sir Robert Ball, “Theory of Screws,” p. 306. 


+ Math. Annalen, Bd. 26, p. 211. 
ts, and s, in this case will be called harmonic, retaining the word apolar to express the relation of 


s, and o,, or s, and o,;. 
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(S,S,....8,). Writing the collineations in the form aa, b£, cy, ete., it is 
immediately seen that 

ee ae SS! ee ay (14) 
That is, the linear invariant of the product of any number of collineations is 
not affected by a cyclic permutation of those collineations.* 

10. Suppose we have three collineations each of which transforms a 3-line 

a, into a 3-line B;. If a, and b,; are the points of the triangles a and @, the 
collineations can be written 

0, = 4,8, 4, + A.B, a, + Az 8; 45, 

Oy = ly B, A, + bo B Ay + My By Mg y 

0, = 7,8, 4, + ¥,B, 4a, + V3 Bz ag, 
where 2,, “; and 7, are all different from zero. Furthermore, let 

S =P, C,H, P Py Cy by T+ Ps Cy Oy 

be a non-singular collineation apolar to o,,0, and o,. Taking a as reference 
triangle, the conditions required are 


pA, (8,¢,) + Pz As (B,C) + P33 (8,¢,) = 0, 
Pi Ly (8, C1) + sls (8, ¢,) + P3 Ls (8, ¢,) = 9, 
Pi” (8, ¢,) + P2 Ve (8, G+ P3 ?'3 (8; ¢,) = 0. 
These equations can only coexist when either 
Ay, My 
Hy Ma Us| = 0 


1 (8, ¢,)= Ps (8, C,) = 3 (8; cs) = 0. 
The first of these expresses that the collineations are linearly related; the 
second that the 3-line 8, and the 3-point c, are incident. Hence, if a non- 
singular collineation is apolar to three linearly independent collineations having 
a common triangle pair, it transforms the first of those triangles into one 
incident to the second. In particular, if a, and 6; are identical, their triangle 
is transformed by s into an inscribed triangle and is consequently a Pasch 


or 


triangle t of s. 
Suppose a second set of collineations t,, ¢, and ¢, which transform a 3-point 
d, into a 3-point c;.. The same is then true of any collineation of the net 


Pit, + Pole + pg ty. 


* Since the invariants of a collineation are expressible in terms of the linear invariants of its powers, 
it follows that all the invariants of a product of collineations depend only on the cyclical order. 





7 F. Morley, loc. cit., p. 295. 
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Suppose one of these collineations should transform a, into a 3-point incident 
to B;. By the last paragraph the conditions required are 
pi (S, £,) + P2 (5, ts) + p3(S,t;) = 0, 
Pi (s,t,) + P2(S, te) + 03 (S_ ts) = 0, 
9, (83 t,) + P2(S3 to) + 3 (53 t,) = 0. 
These equations can be satisfied if 
(S,t,) (S,t) (Sts) 
(Syt,) (S gt.) (Sytz) | = 9. (15) 
(Sst,) (Sgt,) (S33) 
From the symmetry of this condition in s and ¢ we conclude that if there is a 
collineation which transforms d; into c; and a; into a triad incident to 6;, then 
there is a collineation that transforms b, into a, and c, into a triad incident to 6,. 
If in the above theorem we take a; equal to b; and c; equal to d;, we have 
the theorem of Hun that the relation of Pasch triangle and fixed triangle in a 
norma! collineation is mutual. 


Ill. The Intermediate.* 


11. Take in the next place two cogredient point collineations aa and b£. 
They have a double product aba®.t+ This is a covariant line collineation 
which has been called the intermediate of aa and bf. 

The geometric interpretation is easily seen. Let 7 (Fig. 1) be the corre- 
spondent of any line & two of whose points are x and y. Then, by a well-known 
identity, 





n= ab (aBE) =ab | (ax) (By)—(ay) (Bx) {=a y”—a"y’, (16) 
in which wv’ and 2”, y’ and y” are the correspondents of x and y with respect 
to aa and b@. Therefore, x is a line through the join of a’ y” and a” y’, or, as 
we may say, through the cross-join of the correspondents of 2 and y. Since 
x and y are any points on &, 7 1s the locus of cross-joins of pairs of points on &. 
This, from the known construction of a polarity, amounts to saying that 2’ a” 
envelopes a conic tangent to 7’ y’ and x” y” at their junction with x. 

In case of three points 2, y, 2 of &, the preceding construction involves 
Pascal’s theorem for the hexagon inscribed in a 2-line. 





* A. B. Coble, Trans. Amer. Math. Society, Vol. IV, p. 70. Professor Morley has used the word 
Clebschian to represent a form of this kind (7'rans., Vol. IV, p. 471). 
+ In the symbolic notation of Clebsch this would of course be written 


(abe) (apt) =0, 


where é is given and « variable. 
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In case the two collineations are the same, 7 is the join of 2’ and y’, and 
the intermediate reduces to the reciprocal or line form. Hence, the line equa- 
tion of a given collineation is gotten by taking the double product of the dyadic 
with itself. 














| 
’ 
Lz 
3 y 
y” 
Zz 
r 





Fig. 1. 


12. An identity for which we shall find frequent use is obtained by 
developing (aba) (a8&) according to the ordinary rule for multiplication of 
determinants. We thus obtain 


(aa) (a8) (a), 
(aba) (aBE)=| (ba) (DB) (bE)|=(ab-aB) (wk) + (a8) (bE) (wa) 
(wa) (~B) (w&)| + (a8) (ba) (vB) —(aa) (b&) (xB) 
—(bB) (a&) (aa). 
Writing 
=a gu FF, 
¢£=ad, Gah, 


and using the notation of Art. 9 for the linear invariants, we have 





S, 8. = (S$, Sy) 6) + 6,6, + 0,0, — (S8,) 6, —(S,)6,, (17) 
where the bar over s,s, is used to signify the operation of forming the inter- 
mediate, and o, represents the identical line collineation. 

13. The intermediate belongs to a type of correspondence that occurs in 
any number of dimensions. And though we are at present concerned with the 
collineation in the plane, it may be worth the trouble to indicate the general 
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theory. Itis very easy to extend the construction already given for the plane 
intermediate to the case of higher dimensions. Using the equations (16) we 
have for the intermediate ab a, where aa and b@ are point collineations in 
space, that to any line & corresponds a linear complex with reference to which 
ay” and x” y’ are polar lines, w’ and x”, y’ and y”, being correspondents with 
respect to aa and b@ of two points x and y on &. 


In the same way for the intermediate abc aBy we have 
abc(aByn) = abe | (ax) (By yz) + (ay) (By: 2x) + (az) (By-awy)}, (18) 

where 2, y, 2 are three points of the plane z. If then we take any triangle on 
the plane x, transform its points by the collineation aa, transform the opposite 
lines by the collineation bc By, and join the corresponding elements, we get a 
set of three planes intersecting on the correspondent of x with respect to the 
collineation abcaBy. If bc By is the identical line collineation, or quadratic 
complex to which every line belongs, the preceding construction is readily trans- 
lated into a descriptive property of two complete 4-points in planes in space. 

Proceeding in this way, we can construct intermediates in any number of 
dimensions. Another method was, however, presented by Kraus* and Muth. + 
Consider in the first place the plane intermediate written in the form 


(abx) (aBE) =0. 
This expresses the apolarity of the collineations az a and ba Bé. For, on 
forming the double product, we get 
x(abx) (aBE)E =O. 

Now, az aé and bx B& may be considered as binary projectivities which give 
for points on & lines joining x to the correspondents through aa and b@. Then, 
since two binary apolar projectivities give rise to an involution, it follows that 
if we transform the points of a line & by the collineations aa and b8, the corre- 
spondent of £ with respect to aba is the locus of points from which the trans- 
forms appear in involution. 

Considering x and £ as lines in space, it follows from the argument of the 
last paragraph that the collineation ab a@ in three dimensions gives for a line & 
the complex consisting of lines which, joined to the correspondents of points 
on &, give pairs of planes belonging to an involution. 

In order to interpret the triple intermediate abc a@y, we need a new 
invariant. Three plane collineations aa, b@ and cy have a triple product 





* « Dissertation” (Giessen), 1886. + Math. Annalen, Bd. 33. 
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invariant (abc) (ay). When this vanishes, the collineations have been called 
harmonic.* Its vanishing simply expresses that the intermediate of two of the 
collineations is apolar to the third. Since we are able to construct the inter- 
mediate and to interpret the condition of apolarity, this harmonic relation 
may be supposed known. 

The intermediate of three collineations aa, b@ and cy of space can be 
written in the form 

(abcx) (aByx) = 0, 

where x represents a point and 2 a plane. This expresses that the three pro- 
jectivities avan, ba Bn and cayx are harmonic; for, on putting the triple 
product equal to zero, we get that equation. But aan, baBu and cayn 
are ternary correspondences which give for points on 2 lines joining x to their 
correspondents with respect to aa, b@ and cy. Therefore, if we construct 
with respect to aa, b3 and cy the correspondents of points belonging to a 
plane 2, the correspondent of x with respect to abc ay is the locus of points 
from which those line systems appear harmonic. 

So by a process of continuous induction we can build up intermediates of 
any degree of complexity. 

14. A collineation is singular when there is an element whose corre- 
spondent is indeterminate. Thus the intermediate aba@ in the plane is 
singular when a line & can be found such that 


ab (aB£) =0. (19) 
From the construction of the intermediate it is evident that & must in this case 
pass by aa and b@ into the same line y. Now, (19) is the condition for the 
correlation 
a(a8&)b 
to be symmetrical, i. ¢., to be a polarity. But a(a@&)b sets up a binary 
correlation on 7 consisting of pairs of points given by aa and b@ for points 
of &. Therefore, since every line of the plane cuts &, it follows that in case of 
a singular intermediate every line of the plane passes by aa and b@ into a pair 
of lines apolar to a definite pair of points, 1. e., the double points of the binary 
polarity on the correspondent of &. 
Another property of a normal collineation connects with the intermediate 
of it and the identical collineation. In fact, from (17), the intermediate of 


s and s, is ails 
SS, = (S)8,—<. 





* J. Kraus, Math. Annalen, Bd. 29, p. 234 
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If s is normal, (s)=0 and the intermediate of s and s, is the line form of the 
inverse of s. If, then, x and y are two points on a line &, and a’ and y’ are 
their correspondents through a normal collineation, the lines xy’ and x’ y inter- 
sect on the correspondent of & through the inverse collineation. 












IV. Apolarity of Collineation and Correlation.* 


15. A collineation aa and a contragredient correlation bc may be apolar, 
i. €., may satisfy the conditions ab(ca)=0. The meaning of this is easily 
seen. Let 






Aa =A, A, a, + Ay Ay A, + Ag Ay Ae y 
be = u,b, 6, + fyb, cy + Mz bs Cs, 
and take Ac = Aa as reference triangle. The condition of apolarity is then 
ab (Ca) = Ay My 4D, + Ag My My By + Ay lly My by = 0. (20) 
This equation expresses that the triangles a; and b; are perspective. Therefore, 
since they are correspondents through aa and be of the reference triangle, it 
follows that a collineation and an apolar correlation transform any triangle 
into a pair of perspective triangles. 

Conversely, if a, and b; are perspective and aa is given, values u; can be 
found such that (20) holds. Taking those values as the coefficients in bc, we 
have a correlation apolar to aa. Therefore, if a collineation aa transforms 
the points of a triangle a into a triangle perspective to b;, there is a corre- 
lation apolar to aa which transforms the points of the triangle « into the 
points b;. In particular, a collineation and correlation are apolar if they 
transform respectively the points and lines of a triangle into the same triad 
of points. 

The condition that the intermediate ab a8 of two collineations be apolar 
to a correlation cd is 

(abc)ab-d = (abc) ja(bd)—6(ad)|= be (Bd).aa+ac(ad)-bB=0. 
Now, bc(6d) =0 and ac(ad) =0 are the conditions of apolarity of b@ and aa 
with cd. Hence, if two collineations are apolar to a correlation, so is their 
intermediate. By an entirely analogous process it follows that if two corre- 
lations are apolar to the same collineation, their intermediate is also. 

The intermediate of a collineation or correlation with itself is the reciprocal 
or adjoined form. Hence, if a collineation and correlation are apolar, the same 
relation subsists when either or both are replaced by their adjoined forms. 



































* F. Aschieri called such correspondences harmonic. Compare his article, “Sulle omografie binarie 
e ternarie,” Rend. del R. Istituto Lombardo, (2), Vol. XXIV, p. 289. 
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If, for example, two collineations transform the points of a triangle a 
into perspective triads, we have seen that there is a correlation apolar to both 
collineations which transforms the lines a, into either of those triads. The 
preceding paragraph then expresses that, if two collineations transform a 
into a pair of perspective triangles, the intermediate gives a triangle perspec- 
tive to both.* 

16. <A correlation apolar to the identical collineation transforms any 
triangle into a perspective one and is therefore a polarity. The condition that 
bc be a polarity is then 


be =0. (21) 
Suppose a collineation aa is apolar to a polarity bc. We then have 
ab(ac)=0, be=0. (22 


Let & be a fixed line of aa given by the root 4 of the characteristic equation, 
i, e., such that 
(Ea)a=Aé. 
Multiplying by &, we get from (22) 
(ac) | (§b)a—(Ea)b} = (ac) (§b)a—A(Ec)b =0, (Ec)b—(Eb)c=0. 


Combining these equations, we obtain 


(Ec) (ba)a=A(Ec)b. 

For a fixed line of a collineation, an apolar polarity gives a fixed point 
corresponding to the same root of the characteristic equation. If the charac- 
teristic equation has three distinct roots, the fixed triangle is then self-conjugate 
or polar with respect to any apolar polarity. 

From (17) we have for the adjoined form of a collineation s 

ss = (ss) + 20?—2(s)o, (23) 
where o is the inverse of s. Since a polarity is symmetrical, if it is apolar to s, 
it is apolar to o. In that case we have also seen that it is apolar to ss and 
identity. Therefore, from (23) it follows that if a polarity is apolar to s, it is 
apolar too”. All collineations that are covariants of o are, however, expressible 
linearly in terms of 6°, o and o?.t Consequently, a polarity apolar to a colline- 
ation is apolar to all of its covariants. 

If a collineation s transforms the points of a triangle a into a perspective 
triad, there is a polarity which transforms the lines of a into the same triad. 
That polarity is obviously apolar to s and to all of its covariants. Further, 





* Cf. Muth, Math. Annalen, Bd. 40, p. 98. 
+ Clebsch and Gordan, Math. Annalen, Bd. 1, p. 373. 
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there is a polarity which leaves a fixed and is apolar to s. Therefore we have 
Muth’s theorem that if a collineation s transforms a triangle into a perspective 
one, then all of the covariants of s transform it into triangles perspective to 
each other and to the original triangle. * 


17. For a correlation to be apolar to a collineation requires the identical 
vanishing of a line and therefore subjects the coefficients of either to three 
linear conditions. There is not then, in general, a correlation apolar to each of 
three given collineations. The condition for such is the vanishing of the deter- 
minant of the nine equations expressing the three apolarities. This invariant, 
the explicit form of which does not concern us, has been called A.+ It is a 
combinant symmetrical in the coefficients of the three collineations, and of the 
third degree in each. 


We will now consider the peculiarities of a system of three collineations 
for which A vanishes. In the net 


S = 15, T P25: + Ps Ss (24) 


there are a single infinity of singular collineations. The singular points lie on 
a cubic that we may call C; the singular lines envelop a cubic that we may 
eall T. It is well known that the adjoined form of a singular collineation 
consists of the product of singular line and singular point. And we have seen 
that a correlation apolar to a collineation is apolar to its adjunct. Therefore, 
if a correlation is apolar to the collineations s,, s, and s,, the singular lines 
and points of (24) are correspondents in that correlation, and consequently 
the cubics T and C are reciprocal through tt. 


With a point of C is associated in two ways a line of [. In the first place, 
the point a appears as singular point in a definite collineation of (24) which 
has a singular line 8. Secondly, it is transformed by those collineations into 
the points of a definite line y. 


To say that a correlation is apolar to each of three collineations, amounts 
to saying that those collineations operating on the inverse of that correlation 
give polarities. Such a transformation of the collineations does not affect the 
cubic [, which is therefore the Cayleyan of the three polarities. We saw above, 
however, that the line 8 passes by the inverse of the apolar correlation into 
the point a. Therefore, 8 passes by the three polarities into points of y, and 
consequently $ and y are corresponding lines of I. 









* Muth, loc. cit., p. 97. + Rosanes, Celle, Bd. 95, p. 254. 
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Conversely, suppose with each point of C are associated a pair of corre- 
sponding lines of [.. Two collineations of (24) whose common polar triangles 
are not singular may be written 

S, =A,b, a, + A, D, a, + Az ds, a, 
So = yD, Oy + fly bg Oy + ly D5 Hy - 


R 





Fia. 2. 


The lines 6; are singular in the collineations whose singular points are a,. 
The points a,, a@,, d, pass by the net of collineations respectively into points of 
V1» Yo. Ys, Where y; is incident to b;.. By supposition 8,y,, B,y, and $,y, are 
three pairs of corresponding lines with respect to the curve. If we should start 
with b,, we could construct a complete 4-point, all of whose lines touch the curve. 
It would contain those three pairs of lines as diagonal pairs, and therefore 
V1» Yo. ¥3 pass through a point (Fig. 2). The triad a;, then, passes by two of 
the collineations into the triad b;, and by the third into one perspective to b,. 
According to Art. 15, the three collineations, therefore, have a common apolor 
correlation. 

The vanishing of the invariant A is the necessary and sufficient condition 
that with any point of C should be associated (in the above way) a pair of 
corresponding lines of T, and, dually, with any line of T should be associated 
a pair of corresponding points of C.° 
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The similarity of a set of collineations for which A vanishes to a net of 
polarities is noticeable. It is due to the fact that a set of polarities are apolar 
to the identical collineation, or, what amounts to the same thing, that a net of 
collineations with vanishing A may be transformed into a net of polarities in 
such a way as to have either the initial or the resultant field invariant. 


Part III. THe AutTernant. 


I. Introduction. 


18. In contrast with the symmetrical forms just considered are a series 
of combinants that we will call alternants. The alternant of 1 collineations s, 


is defined by the equation 
i ee 


[tj < -xxtighes aes. (25) 


eee 


where the determinant is supposed to be developed in the order of its rows; 
1. €., in each term of the development the first letter is taken from the first 
column, the second from the second column, etc. This determinant is readily 


seen to follow the ordinary rules so far as its rows are concerned. If, for 
example, a linear relation exists between the collineations s,,...., s,, the 
alternant is zero. Using the ordinary rule of signs, the determinant may be 
developed as the sum of products by their minors of determinants of r-th order 
in the first r columns. The alternant can not, however, in general be developed 
in terms of minors taken from its first r rows. 

Obviously, there will be a marked difference according as the order of the 
alternant is odd or even. If the order m is even, for every term of the form 
Rekcentt s,s, there will be a term —s,8,....8;, where the intervening letters in 


u 


both are the same. The linear invariant is therefore 
— (5,5; 
The alternant of an even number of collineations is therefore normal. 
Again, if » is even, the alternant can be written in the form 
= (Ps,Q—Qs;P), (26) 
where P and Q are products not containing s,;. This is harmonic* with s,, since 
x } (s;Ps;Q) —(s;Qs;P) {| =0. 
The alternant of an even number of collineations is consequently harmonic 


with each of them. 





* See Art. 9, foot-note. 
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From (26), if s; is the identical collineation, we see that the alternant of 
an even number of collineations vanishes when one of those is the identical 
collianeation. 

In ease of an odd alternant, since the members of a cyclic group are all of 
the same sign, we have 

({4,..«.-&) porate ia..... a), (27) 
If, then, the alternant of an odd number of collineations is normal, each colline- 
ation is harmonic with the alternant of the remaining n—1. 
Write the alternant in the form 


ee 
where S, is the minor of s, in the first column of the alternant. If n is odd 
and one of the collineations, s, for example, is the identical collineation, since 
the first minors are even, all those containing s, vanish and the alternant takes 
the form 


M 


3.8 


heel 


Cee Soe) ee eS eee 
The alternant of an odd number of collineations containing the identical colline- 
ation is then equal (except for algebraic sign) to the alternant of the remaining 
n—1. 
Il, The Alternant of Two Ternary Collineations. 
19. We shall usually write the collineations in the form 
&, = a4, Soe BG, 
The alternant is then 
[s, 5,] = $, 8, — 8,8, = (ab) aB — (Ba) ba, (28) 

The covariant collineations of a collineation s are linear functions of s,, s 
and s?, where s, is the identical collineation. Since each of these is commu- 
tative with s, it follows that the alternant of a collineation and any of its 
covariants vanishes identically. 

The invariant relations of the alternant and covariants of s, and s, may be 
summed up in two general theorems. 

(i) The alternant is apolar to all the covariants of s, or s,. 

For, let cy be any covariant of s,. The condition of apolarity with the 
alternant is 

0 = (ab) (ay) (Bc) — (Ba) (by) (ac) = BG [ (ay) ae —(ae)yal, 

where the dot is used to represent the process of forming the double product, 
or bilinear invariant. Since the expression in brackets is the alternant of aa 
and a covariant cy, the function vanishes as was required. . 
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(ii) The alternant is apolar to the intermediate of one of the collineations 
and any covariant of the other. 

For, let cy again be a covariant of aa. The intermediate of this with b{ is 

ie. 
The condition of apolarity with the alternant is 
0 = (ab’) (abc) (8’By) —(8"a) (b’be) (aby), 

where b’@’ is a new symbol for b@. Interchanging b@ and b’@’ and adding, 
the last expression becomes 

$$ (B’By) (b’ba-ca)—(b’bc) (BBa-ya){=40'Bb'D: [ya-ca—a-yac]. 
The expression in brackets expands into 

(aa)yc—(ac)ya—(aa)ye + (ay)ac=(ay)ac—(ac)ya, 


which is zero, since it is the alternant of aa and a covariant. 





20. Since all covariants of s are expressible linearly in terms of s,, s, s?, 
the alternant is found to be apolar to the eight collineations 


2 : oa 2 - on 


where, as in Art. 9, s,s, is the intermediate of s, and s, and o is the same 
connex as s but considered reciprocally. If the eight collineations are linearly 
independent, the eight apolarity conditions are sufficient uniquely to determine 
the alternant. It is our purpose, in the next place, to see whether or when such 
is the case. 
By the formula (17) we have 
8, 83 = (8383) + 0263 + 302 —(s?) 63 —(s2) 03. 

Since the alternant [s,s,] is apolar to o,, oj and o3, we see that the condition 
of apolarity of [s,s,] and s?s2 is the vanishing of the linear invariant of the 


collineation 
(S, 5, — 8, S;) (sis} + s} si). 


Hence, by direct expansion of this last-named invariant, we obtain 
[$1 S,] + S$} 83 = (8, 8, 87.83) + (8, 83 87) — (S87 83) — (s, S, 83 S;) 
= (5, 8 81 83) — (8,8, $383), (30) 
since by Art. 9 (s,s3s{) and (s,s?s$) are equal, both passing by a cyclic per- 
mutation into (s?s3). 
Again, we have 
S{S_ = (87 S,) + O10, + 0,0; — (sj)o, — (S,) aj. 


Since [s}s,] is apolar to o,, o, and of, by the same argument as before, the 
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apolarity condition of [s}s,] and s}s, is found to be the vanishing of the linear 
invariant of the collineation 


(83 8,—8, 83) (818, + 8, 81). 
Expanding and making use of the cyclic permutation, we then obtain 
[s3 S,]° 8, S83 = (8381 8.) + (83 $1 S» Si) — (8, $3 Si 8.) — (8, $3 S7) 
= (5, 8,8? 83) —(s, 8, 8383). (31) 


In like manner, making use of the identity 





S,S_ = (S,5,) + 6,6, + 6,0, — (S8,) 6, — (S2) 6,, 
we obtain the apolarity condition of [s{s}] and s,s, as the linear invariant of 
(sis; — 83 87) (SS, + S28,) 


under the form 
[si ss] +s, S_ = (S, 8, S183) — (8, $8, S38). (32) 


Since [s, s,] is a normal collineation, the adjoined form is given by (17) as 
[s, 8,] [ 5; 52] = ([, 5,] [8, 82] ) +2[0; 0,]”. 
The discriminant of [s,s,] is then 
A, = § [8,82] + [8; 52] [ 5; 52] = $ [5, 82] + [0,0,]° = 4 (Ls, 52]*) 
= 4} (8, 8, 8, 8,8, S,) — (S; 8, 8; $3 8,) — (S, 83 87 8,) — (8, 87 Sy 8; Se) 


— (Sp 8, SS, Sp S,) + (Se $1 Sg S782) + (S287 S38,) + (5, S38, S_8,) $ 
= (8, 8, 8}.8$) — (SS, 8387), (33) 











in which the notation A,, is used to show that it is the discriminant of an 
alternant involving s, and s, each to the first degree. 

A comparison of (30), (31) and (32) with (33) shows that the various 
invariants there considered are equal to each other and to the discriminant 
of [s,s]. ; 

Now suppose that A,, does not vanish and that there exists a linear 
relation of the form 








Po Fy + 91 O, + 0257 + Ps Fy + Py 3+ Ps $1 Sp + Pg $1 S. +P; 8, $3 + Ps $1 So =0. (34) 
Since, according to (29), [s,s,] is apolar to the first eight collineations in that 
sequence, but by (30) and (33) is not apolar to the last, it follows that p, is 
zero. Likewise, operating in turn with [s7s,], [s3s,] and [s{s}], we find that 
fr =fPe=—p,—0. Hence the relation (34) must be of the form 


oF + 9,0, + P20 + psd, +p, 52 = 0. (35) 
Replacing o, by s; and forming the alternant with s, we obtain 
ps [SS] + 9,[S, 53] = 0. (36) 


41 
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Forming the bilinear invariant with s?s?2, this gives 
ps A, = 0. 

Hence, p,=0. Likewise on operating with s?s,, it is seen that p,=0. Simi- 

larly, p. =~, =~) = 9. 

Hence, if the discriminant A,, is different from zero, no linear relation of 
the type (34) can exist. If, however, the discriminant is zero, since the nine 
collineations are apolar to [s,s,], they must satisfy a linear relation. There- 
fore, the vanishing of the discriminant of the alternant is the necessary and 
sufficient condition for the existence of a linear relation of the type (34). 

Since, in the usual case, the discriminant of the alternant is not zero, it 
follows that in general the apolarity conditions of (29) are independent and 
give an invariant determination of the alternant. When the discriminant is 
zero, all the collineations of the net 

A, [8,8] + Ag[st $2] + As[s, 53] + A,[ 8783] (37) 
satisfy those conditions and the determination is not unique. 

.21. When the discriminant vanishes, there is always a collineation of (37) 
that vanishes identically; i.e., the four alternants satisfy a linear relation. 
For, since all the collineations of (37) are apolar to all those in (34), it follows 
that the two sets must contain four linear relations. If one of these belongs 
to (37),. the point at issue is settled. If not, there must be four equations of 
the type (34). Either one of those is of the form (35), and the collineation in 
question is (36); or it is possible to solve for one of the intermediates, and so 
obtain an equation 

81 Sp == Ag + A, 0, + Ago? + A, 0, + 4,02. 
Developing s,s, by (17), inverting, and forming the alternant with s,, gives 

[si 8,] —(s,) [5,82] = 3 [5, 5.] + A, [5,83], 
which is the relation desired. 

Suppose, conversely, that the four alternants satisfy a linear relation 
A, [81 82] + As [SiS] + Ag [5,52] + 2, [sis2] = 0. 

In this equation there must be at least one coefficient, for instance 4,, that is 
different from zero. Operating on the equation with s?s?, we see that A,, must 
then vanish. Therefore, the vanishing of the discriminant is the necessary and 
sufficient condition for a linear relation between the four alternants. 


22. The symmetry resulting when A,, vanishes suggests that it is an 
invariant common to the four alternants. In order to prove that such is the 
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case, take in the first instance the alternant [sjs,]. According to (33), the 
discriminant has the form 
A., = (8152 8183) — (82 8783 87). 

From the characteristic equation for s, we have 

SE=A,+A,5, +A, 53. 
Substituting this value for si, we have 

Mo, = Ay | (Si Se 8; 82) — (82 87 83 8,) | = —A, A. (38) 

Making use of 

$3 = Uy + fy $2 + fly 82 
and following out the same argument, we obtain the discriminants of [s, s3] 


and [s{s}] in the form 
Ai, = — An; } (39) 


As, = a, On- 
If A, is zero, the characteristic equation for sj is 
{Si}? =A, + Aq 81. 
The equation is quadratic, and hence the collineation is a perspectivity. There- 
fore, A, and u, are respectively the invariants whose vanishing expresses that 
si and s} are perspectivities. From (28) and (39) we see, then, that the alter- 
nant of a perspectivity and any collineation is singular. 
If a, and u, are not zero, A,, is a combinant of the two systems 
Ag So + Ay 8, + Ay St ANd fly Sy + My Sp + Me S2- 
It must, then, express a property of the fixed triangles of those systems. What 
that property is, we shall see later. 
23. The alternant [s,s,] is a combinant of the net 
ASo + US, + VS. (40) 
In forming it any two independent collineations may then be chosen. Let s be 


a singular collineation, x its singular point, and & its singular line. The alter- 
nant can be written 

$8, — 8,8, 
where s, is some other collineation of the net. Since sa is zero, the corre- 
spondent of x with respect to the alternant is 

wv’ = $8,&. 
Now, s transforms every point (and in particular s,2) into a point on &. 
Therefore, the alternant transforms the singular point of any collineation 
of (40) into a point of the associated singular line. For varying A, the 
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singular points and lines obtained are the fixed points and associated fixed 
lines in the collineation us,+vs,. Therefore, the fixed triangles of all the 
collineations of the pencil us, + vs, are Pasch triangles of the alternant. 

The significance of the apolarity relations satisfied by the alternant is here 
suggested. In fact, two collineations (one in points, the other in lines) that 
send a triangle into a pair of incident triangles are apolar. Now, if s is any 
collineation in (40), the triangle that s leaves fixed is sent by the alternant 
into an inscribed triangle. Therefore, the alternant is apolar to s and to all 
of its covariants. 

Two collineations have in general a common pair of polar triangles. In 
terms of these they may be written 

S, = A, 5, a + A, dz ty + Az Dg Gs, 
So = yO, @ + fz Dy ty + Ug D; a « 
Their adjoined forms and intermediate are respectively 
$3, = 2 J Ay Ag Bs dg + Ag Ag BG, + Ag Ar By ae}, 
Sy Sp = 2 } ly Me By Mg + Me My By A, + Mg My Be M2}, 
t= (Ay Me + Ay ty) Bg Qg + (Ag Mg + Ag te) By @, + (Ag tr + Ay ls) Bo Me - 


Hence, s,s,, SS, and s,s, have a common pair of polar triangles, i. e., the 
common pair of s, and s, considered contragrediently. Since [s,s,] is apolar 
to each of those collineations, according to Art. 10, it transforms the triad a, 
into one incident to $;. Taking any two collineations and the associated inter- 
mediate belonging to (29), we obtain a pair of polar triangles such that the 
points of the first pass by the alternant into a triad incident to the second. 
These relations are therefore the geometric equivalent of the eight apolarity 
conditions. 

24. In Arts. 20-22 the entire theory seemed to hinge on the vanishing or 
non-vanishing of the discriminant of the alternant. It is our purpose, in the 
next place, to consider the geometrical interpretation of that invariant. 

For that purpose suppose a polarity c? to be apolar to s, and s,._ Desig- 
nating the collineations respectively by aa and 06, the conditions required are 


ac (ac) = be (bc) = 0. (41) 
There are six equations in all, three of them linear in the coefficients of aa, 
three linear in the coefficients of 08, and all linear in the coefficients of c’. 
Therefore, if we eliminate the coefficients of c? from these equations, we get an 
invariant of the third degree in the coefficients of aa and b8 whose vanishing 
is the necessary and sufficient condition for the equations (41). 


















Puiures: Some Invariants and Covariants of Ternary Collineations. 331 


Now, we have seen that a polarity apolar to a collineation is apolar to all 
of its covariants, and that a correlation apolar to two collineations is apolar 
to their intermediate. Therefore, c? is apolar to the following nine collineations: 





2 2 2 > Ws 
Oy» Dy, Diy Gy, Day $y SQ, $1 SQ, S$, SQ, $1 $2. (42) 


Since the nine collineations are apolar to the same polarity, they must 
satisfy a linear relation; in fact, must satisfy three linear relations. There- 
fore, according to Art. 20, the discriminant of the alternant is zero. But the 
discriminant is of the third degree in the coefficients of aa and b8. Therefore, 
the vanishing of the discriminant of the alternant is the necessary and sufficient 
condition for two collineations to have a common apolar polarity. 


If a polarity is apolar to a collineation, there are two cases to be considered, 
according as the polarity is singular or is not. 

If the polarity is singular, either it consists of the square of a point or its 
adjoined form consists of the square of a line. In both cases, if the polarity 
is apolar to a collineation, its fixed triangle contains the double element. 
Hence, if a singular polarity is apolar to each of two collineations, their fixed 
triangles have an element in common. In that case all the collineations of (42) 
have a fixed point or line in common. 


In general, however, if a polarity is apolar to a collineation, the fixed 
triangle (or, a fixed triangle) of the collineation is self-conjugate with respect 
to the polarity. If two triangles are self-conjugate with respect to the same 
polarity, they lie on a conic. And, conversely, if two fixed triangles lie on a 
conic, they are self-conjugate with respect to a polarity, which is consequently 
apolar to their associated collineations. Therefore, we see that the vanishing 
of the discriminant of the alternant is the necessary and sufficient condition 
for any two collineations formed linearly from those of (42) to have fixed 
triangles lying on a conic. 

25. As we have seen, the conditions for a polarity c? apolar to aa and b8 
are 

(ac) ac = (bc) be = 0. 
Multiplying these equations by 08 and aa and writing in the variables to avoid 
confusion, we have 
(ac) { (8c) (a£) —(Ba) (cE) { (bn) =0, 
(Bc) { (ac) (bE) —(ab) (cE) | (an) =0. 


If & and y are equal, by subtraction we get 
| (ab) (Bc) (a&)—(Ba) (ac) (bE) } (cE) =0. (43) 
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Comparing this with the form 
i (ab) aB — (Ba) ba} c*, 

we see that in the present case the product of the alternant with c? is a corre- 
lation having no particular coincidence conic, 1. e., a null-system or line. 

Suppose for the moment we designate the alternant by dé. The equation 
(43) is then 

(d&) (6c) (c£) =0, (44) 

where £ is any line whatever. Let y be a fixed line of the alternant. We 


] 


then have 
(dn) o=An, 


which, substituted in the preceding equation, gives 
(dn) (8c) (en) =A(ne)? =0. 
Hence, the fixed lines of the alternant touch the conic of c’. 
If again we follow out the argument of this article with y?, the double 
product of c? with itself, we obtain, as correlative to (44), 
(yd) (~8) (wy) =0, (45) 


where x is any point whatever. Taking x as a fixed point of the alternant, 


it follows as before that the fixed lines of the alternant touch y’. 

Now, we have found that when c? is apolar to s, and s,, it is apolar to a set 
of nine covariants. Therefore, all the alternants that can be formed of those 
covariants are singular, all their fixed lines are tangent to, and all their fixed 
points lie on, c?. 

It was shown by Study that the fixed points of the alternant of two binary 
collineations consist in the common harmonic pair of the fixed points of those 
collineations. The fixed triangles of two ternary collineations are not in general 
polar with respect to a conic. If such is, however, the case, we have just seen 
that the fixed lines of the alternant are tangent to, and the fixed points lie on, 


that conic. 











A Geometrical Application of the Theory of the 
Binary Quintic. 


By Fuorence P. Lewis. 





Introduction. 


If five points on a non-degenerate conic are given, certain curves arise 
from the polarization of the binary quintic determined by them. These are 
covariant curves of the five points. It is the object of this paper to discuss 
certain of these curves, and sets of points and lines associated with them. 
Similar processes may be applied to the quintic of five points on the cubic norm 
curve in space. A brief treatment of the covariant forms of the binary quintic 
from this standpoint is given in §7, and the results are correlated as far as 
possible with those already obtained in the plane. 

For the algebraic theory of the quintic, reference is made to Salmon’s 
“Higher Algebra” and to “Algebra of Invariants” by Grace and Young. The 
notations of both works are used. 


§1. A Pencil of Conics. 


Let the quintic be represented on the base conic N, and let the reference 
triangle be formed by the tangents to N at the points given by the canonizant 
C,.,=0. The quintic may then be written in Salmon’s canonical form, 

f=a,t’+a,(1—t)’—a,, (1) 
and the conic in the form 
Mat, v,= (1—+t)?, Mg=al, (2) 
Any point of the plane, in terms of the parameters of points of contact of 
tangents from it to N, is 


My = byte , v= (1—t,) (1—#,), %=1; (3) 
and any line of the plane, in terms of its intersections with N, is 
Ej=t,+t,—2, —,=—(t,+4), &,=t, +t,—2t,t,. (4) 


The point (1,1,1) is given by the Hessian of the canonizant, the C,, 
=ajara?\ + (1—t)?+1} of f. Every quadratic determines at once a point and 
a line of the plane, these being pole and polar with respect to N. 

42 
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If the quintic be polarized thus: 

Agt,t3t3+ a, (1—t,) (1—t,)’(1—t;)’—a,=0, (5) 
the locus of the intersection of tangents at ¢, and ¢, for a fixed ¢, is a conic 
whose equation is 

at ,x+a,(1—t,) vj—a,a3=-0. (6) 
By varying t, we obtain a pencil of conics apolar to N (in lines) and on the four 
points + Va>', + Va;', + Vaz. These four points are a set orthic to N. 
When ¢,=?#,, the conic ¢, meets N, and the points of intersection are given by 
the quartic polar of ¢t, asto f. ¢, is a root of f=0 when, and only when, point 
t, of N is on conic ¢, of the pencil. If ¢, is a root of the canonizant (2. e., 
t,—0,1, 0 ), the corresponding conic degenerates into lines meeting at a refer- 
ence point; hence, the reference triangle ABC (Fig. 1) is the diagonal triangle 

C 





A B 





Fie. 1. 

of the base-points of the pencil. Since the roots of the Hessian of f are 
double points of quartic polars, there are six members of the pencil tangent to 
N, and their points of contact are the points H=0. No member has double 
contact unless an invariant of f vanishes. Two values of ¢, (given by C, ,=0) 
have quartic polars which are self-apolar; the corresponding conics are apolar 
to N both in points and in lines.* 

Conics of the pencil and points of N are in one-to-one correspondence. 
We can construct geometrically the point corresponding to a given conic, and 
vice versa. The point (1, 1,1) is given by the quadratic C,,=0; its polar 
lines as to all conics of the pencil pass through the point Q(aq", ay', az') given 
by the quadratic C, ,=a,a,(1—t) +4,a,t—a,a,t(1—t)=0. The polar of Q as to 
any member of the pencil therefore passes through (1, 1,1), and its coordi- 
nates are 





*W. F. Meyer, “Apolaritiit und rationale Curven,” p. 150. 
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N=h, n,=1—-t,, N=1. . (7) 
If the conic ¢, is given, we construct this line 7 and take its polar point with 
respect to the triangle DEF whose vertices are the canonizant points on N. 
This point is ¢,. The proof follows at once from consideration of the degen- 
erate members. For, it has been seen that the ¢,’s of the degenerate conics 
are 0, 1, 0, which give the points D, E, F on N; and the polar of Q as to the 
degenerate conic on A is the line A— (1, 1, 1) —D, whose polar point as to the 
triangle DEF is D. By the fundamental theorem on projective correspond- 
ences, since the construction holds for three members of the pencil it holds 
for all. It is obviously reversible. The points C,,—0 and C,,,.=0 are mutually 
related to the pencil. 
The above correspondence of point and conic is easily verified analytically. 


$2. Rational Quartic K of Class 3. 


Let f be polarized thus: 

a tit? + a,(1—#,)?(1—t)’—a,=0, (8) 
and consider the locus of the line joining the roots of the quadratic in ¢t. We 
obtain a rational line cubic K whose equations are 

E,=a,ti, &,=a,(1—?,)’, E,=—Ag. (9) 
& passes through a given point 2,=?,f,, x,= (1—t#,) (1—#,), 2,=1, provided #, 
satisfies 

a, t*t,t,-+a,(1—t)*?(1—4#,) (1—#,) —a,=0. (10) 
This is the cubic polar of t,t, as to f, and cubic polars are all cubics apolar to 
the canonizant. Hence, the necessary and sufficient condition that three ¢’s be 
parameters of lines on a point is that they be apolar to U,.,. The curve has 
three cusps; for, if ¢,, ¢, be taken as two roots of C, ,=0, the cubic polar becomes 
a perfect cube, the cube of the third root. Hence the points A, B, C are the 
cusps. Since C,., is the cubic polar of C,,, the cusp tangents meet at C,,,=0 
or Q of §1. For a given ¢, the line & is identical with the polar of point 
t, on N as to the corresponding member of the pencil (6). 

By differentiating the functions & of (9) we obtain the equations of A as 

a point quartic: 


%,=a,a,(1—?t)?, %, =4,0,!", L,=a,a,t? (1—t)*. (11) 
The line equations of N are 
&=(1—t), §=t, §&=—t(1—t). (12) 


Hence, the quadratic of points of contact of tangents from a given point ¢, of 
K to N is: 


a,a,(1—t,)2(1—t) + a,a,2t—a,a,t2(1—t,)%t(1—t) =0. (13) 
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This is the Hessian of the cubic polar of ¢, as to f; namely, 
a,tit?+a,(1—t,)?(1—t)’§—a,. 
The curve K may therefore be regarded as produced from N by a transforma- 
tion T which sends the point t of N into the intersection of tangants at the 
Hessian of the cubic polar of t as to f. Hence, to find the parameters of the 
intersections of K and N, we ask for a point t, such that the Hessian of its cubic 
polar is a perfect square; that is, we look for ¢,t, such that t{t? is a quartic 
apolar tof. If f be written symbolically, this covariant is found by elimination 
of t, between (at,)*(at)?=0 and (at,)?(at)’=0. f factors out of the eliminant, 
and the remaining factor is a C,,. Now the Hessian of the cubic polar 
(at,)?(at)® is |aB|*(at,)*(Bt,)?(at) (Bt). Equated to zero, this function gives 
a convenient representation of the curve, ¢, being the parameter and a point 
of the curve being given by the two values of ¢. K cuts N when the two ?’s 
are equal. This gives 
C.,s=|a8|*|yd|?|ay| | Bd] (at)? (Bt)? (yt)? (5t)?=0, (14) 

where all of the symbols refer to the quintic. The roots of C,, occur in four 
pairs, and the square of each pair is a quartic apolar to f. Taking t, and ¢, 
of (5) as a pair, it is evident that the points of the plane determined by these 
four quadratics are the base-points of the pencil (6). | 

The common lines of K and N have as parameters the six Hessian points 
of f, and their points of contact with N are the roots of the Steinerian. This 
follows at once from the fact that the lines of K are cut out by quadratic polars 
of points ¢ as to f. To find the double line of K, we recall that parameters of 
lines on a point form cubics apolar to C,,; hence, the parameters of the double 
line are given by the Hessian of C;,; t.¢., Cy .==ajaja3(#?—t+1)=0. A root 
of this is —w, and the corresponding line of K is the line (a,, a,, a,). Hence, 
the double line of K is the polar line of C,,. as to the triangle ABC. 

K in x coordinates is 


3 3 
Lajazxvix;—2Zaja,a,nv2x,x,=0. (15) 


§3. The Involutory Quadratic Transformation T. 


Mention was made in the preceding section of a point transformation 7 
which transforms N into the quartic K. This transformation may be arrived 
at in three ways. It is: 

(a) The transformation which sends any point x of the plane into the 
point y given by the Hessian of the cubic polar (as to f) of the quadratic of x. 

(b) The transformation which sends x into a point y such that the 
quadratics of x and y from a quartic apolar to f. 
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(ec) The transformation which sends 2 into the intersection of its polar 
lines as to the pencil (6) of $1. 
That (a) and (b) are equivalent follows from the fact that a quadratic 
and the Hessian of its cubic polar as to f obviously form a quartic apolar to f, 
and that when two roots of an apolar quartic (which are not roots of C, ,=0) 
are given, the remaining two are uniquely determined. The matter may be 
stated thus: If, of two quadratics Q, and Q,, Q, is the Hessian of the cubic 
polar of Q, as to a quintic f, then Q, is a factor of the Hessian of the cubic polar 
of Y,. As an instance, we note that the cubic polar of C,, is C;,, whose 
Hessian is C,,. The cubic polar of C,.. is C,,,, whose Hessian must therefore 
contain C’,, as a factor. 
To show that (a) and (c) are equivalent, we derive a formula for (ce). 
The conic (6), when polarized, gives 
Aol, LoYo + a, (1—t,) x,y,—a,%,y,=0. (16) 
If y be given, this line for all ¢,’s passes through (a,y;)~', 1=0, 1, 2. Hence, 
(c) is the transformation 
@;= (ay); i=0, 1, 2. (17) 
Now let ¢,¢, be roots of the quadratic of xz, and form the cubic polar 
ayt,t,t?+a,(1—t#,) (1—#,) (1—t)*’—a, and its Hessian a,a, (1—t,) (1—#,) (1—?#) 
+ At ,t,t—a,a,t,t,t (1—t,) (1—t,) (1—t). If the roots of this quadratic in ¢ 
are ¢, and ¢,, we find as the corresponding point of the plane 
Yo=tst,=a,a,(1—t?,) (1—#,), 
y, = (1—#,) (1—t,) =agagt,t, , 
Yo = 4,0,t,t,(1—t,) (1—#,). 
Using (3), this reduces to y,=@,4,%,X, , Yj =AU_%Vq y Yo =A A,X,X,, which is iden- 
tical with the form (17). 
From (c), the fixed points of 7 are the base-points of pencil (6). From 
(b), a fixed point determines a quadratic t,t, such that ¢jt] is apolar to f. It 
was shown in § 2 that ¢,, ¢, are then intersections of K with NV; that is, K cuts N at 
the points of contact of tangents to N from the fixed points of T. That A, B,C 
are the singular points of 7 is obvious from the fact that C,, (whose roots 
taken in pairs give A, B,C) isapolar tof. For, if ¢,, ¢,, ¢, are roots of C, ,=0, 
t,t.t,t is apolar to f for an arbitrary ¢; that is, the point A transforms into 
any point of the line BC. From (c), it may be seen that corresponding points 
az, y as to T are base-points of the involution cut on the line zy by the conics (6). 


§4. Rational Quintic O and a Theorem Concerning its Double Points. 


If we polarize f as follows: 
a tit +a,(1—t,)*(1—t) —a,=0, (18) 
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and consider the locus of the intersection of tangents to N at ¢t, and ¢, we obtain 
a rational curve with parameter ¢, of order 5 and class 8. This quintic O is 
the locus of the intersection of the tangent to N at ¢, with the corresponding 
line of K; for, the ¢, and ¢ which satisfy (at,)*(at) =0, (18), are apolar to the 
quadratic (at,)?(at)* (8) which determines the line ¢, of K. When f¢, is a root 
of f=0, the equations (at,)‘(at) =0 and (at,) (at)‘=0 are both satisfied by #,; 
hence, two points of O on the tangent to N at t, have come into coincidence at 
t,, and O is therefore five times tangent to N at the points f=0. This accounts 
for ten intersections and ten common lines. To find the remaining six common 
lines, let h and s be a pair of corresponding roots of Hessian and Steinerian 
of f, and let the tangents at these points on N meet at f. Since the quartic 
polar of s as to f has a double root at h, Rs is tangent to O at R, and the six 
lines are accounted for. Moreover, since h’s is a quartic apolar to f, the point 
h is transformed into R by T (using $3,(b)), and Ris a point of K. It has 
been seen ($2) that Rs is the tangent to K at R. Oand K are therefore six 
times tangent at the points R, and their common tangents at these points are 
tangent to N. 


O has six double points with parameters which are pairs of solutions of 
(at,)4(at) =0 and (at,) (at)*=0. Elimination of ¢, gives a C1, which obvi- 
ously contains f as a factor. The remaining factor C, ,, is the product of the 
six quadratics which determine the points. Since the number of constants used 
to determine them is not twelve but ten, this set of six points are subject 
to two invariant conditions. Concerning them we will prove the following 
theorem: 

If P is a double point of O, there exists a point y on N and on line PQ, 
such that the conic C, of (6) 1s tangent to PQ at P, and the line y, (7) passes 
through P. y is the polar of the two parameters of P as to C,, and satisfies 
a certain C, ,=9. (Q is point C,,=0, as in $1.) (19) 

To prove this, let ¢,,¢, be the parameters of P, and let y be determined as 
the polar of ¢,¢, with respect to C,,. Since ¢, and ¢, are a pair of solutions of 
(at,)*(at,) =0 and (at,)*(at,) =0, the cubic polar of ¢,2, as to f is t,t,y; that is, 
the lines of K having parameters t,, ¢,, y pass through P. Since the cubic ¢,t.y 
is apolar to itself, we have ¢,¢,t,t,y apolar to f, or (at,)?(at,)?(at)=0 when 
t=y. But this is the condition that the conic C, should pass through P. 
From the fact that the cubic polar t,t,y is apolar to C,,, it follows that », 
(which is the polar line of y as to triangle DEF’) passes through P. Now », 
is the polar of Q as to conic C,; and line K, (which has been shown to pass 
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through P) is the polar of y as to C, ($2). Hence, the points Q and y are on 
the tangent to C, at P, which establishes the theorem.* 

The six parameters y are roots of a covariant C, ,=C;, ,C,,;—C3,,;. This 
follows immediately from the theorem, as will be shown in the following section. 


$5. Curves on the Double Points of O: Cubic Q and Rational Cubic ¥. 


The theorem (19) of the preceding section gives certain curves on the 
double points P of O and having interesting relations to the system of covari- 
ants of f. 

Since the points P are points of contact of tangents from C,,, to members 
of pencil (6), consider the locus of such points. This is a non-rational cubic 
curve © on the four base-points of the pencil and tangent at these points to 
the lines joining them to C,,,, which latter point is on the curve.t Q is apolar 
to N and cuts it in C, .=[/, C;,,]'. Its equation is 


Sa,ct(2,—a) =nQ. (20) 
The curve passes through A, B, C; the tangents at these points and the tangent 
at C,,, meet at C,, on the curve. On any line through C,, there are two 
points of the curve which by the transformation 7' are interchanged (§ 3,(c) ) ; 
hence, 2 is by 7’ transformed into itself. C,, and C,, are symmetrically 
related to the pencil. Interchanging their réles, we have a second cubic on 
A, B,C, Cs,., C2,. and the four base-points; these nine points are therefore the 
base-points of a pencil of cubics each of which transforms into itself by 7’. 
For convenience, the coordinates of certain lines which are readily ex- 
pressed in terms of the parameter ¢ of a point S on N are given here: 


> 


(1) Tangent to NV: 1—4t, t, —t(1—t). 
(2) Line SC, ,: Q—tH_ 1 se fo O—t)* 
‘ ™ a, a,’ ~~ a, a (at) 
(3) Line »: t, 1—+4, —1. 
(4) Line ¢ of K: a,t*, a, (1—t)’, —A,. 
(5) Line ¢: Apt, a,(1—t), —A,. : 





n, it will be recalled, is the polar of S as to triangle DEF, and the polar of C, , 
as to conic ¢ of pencil (6); ¢ is the polar of C,, as to the same conic. The 





*In the above discussion we considered a pencil of conics correlated to points of a conic NV. Join- 
ing points of N to Q(C2,2—=0), we have a (1, 2) correspondence of conics of the pencil and lines on C2, 2. 
When a conic touches its line, the point of contact is one of the six points P. When C2,2 is replaced by 
an arbitrary fixed point A of the plane, the six points of contact are (presumably) a general sct of six, 
since the number of their coordinates is now 12. Placing A at C2,2 produces the specialization peculiar 
to the double points of 0. > 
+ Salmon-Fiedler, “Geometrie der héheren ebenen Kurven,” p. 269. 
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equation of Q is obtained by eliminating ¢ between the equation of y and that 
of conic ¢ of (6). 

Any two of the above lines intersect in a point whose locus is a rational 
curve. The following combinations are noteworthy: 

(a) (1)(2): Conic N. 

(b) (1)(4): Quintic O. 

(c) (2)(8): Cubic ® with double point at C,.,. 

(d) (2)(4): A quintice with triple point at C,,. 

(e) (3)(4): Quartic © with triple point at C,,. 

(f) (3)(5): Conie F on A, B, C, C,, and C,,. 
That (c), (d) and (e) pass through the double points P of O follows at 
once from the theorem (19). When ? is y of the theorem, the lines (2), (3) 
and (4) meet at P; hence, the determinant of the coordinates (2), (3) and 
(4) is the sextic whose roots are the six y’s. This sextic is reducible to 
Co,6=Cs5,1C1,5-— 33°. 

The cubic ¥ is defined by lines (2) and (3), from which its parametric 
equations are at once obtained. Elimination of ¢ gives 


Sas}, (ay —sr,)*—aty (ay —a) =0. (22) 
Since y always passes through C,,, and line (2) passes through this point 
when ¢ satisfies [C,,., C.,,]'=C,,=0, ® has a double point at C,, with the 
parameters C,,.=0. It cut N in C;,=0 (the points D, E, F) and in C,, 
=[C,,,, C;,,]'=0. 1 passes through C,, when ¢ satisfies [C,,., C3]? =C;,=0. 
Hence, ¥ passes through C,,, with C;, as parameter. Q and ® have three 
intersections at C,, and C,,, and their remaining intersections are the six 
points P. Q anda given point C,,, on it determine these points, since C, , and 
A, B,C are thereby given; varying the position of C,, on the curve gives ! 


such sets. 





*Let f be represented by Ci,5= (at)°= (et)°= (6t)°= (¢t)®. Then C2,2=|ad|*(at) (dt). Let the 
canonizant be represented by (ft)*. Then (8t)*=C3,3= [C2,2, C1, 5]*= |ad|*|ag||d¢] (ft). C5, 1 = [Cs, 8, 
C2, 2]?= [ (Bt)*, |ad|* (at) (St) ]? = |ad|*|aB||58| (Bt). Also let (yt,) =y0+ vt: =0, y being real. The three 
lines 7, K and SC2,2 cut from N the three quadratics (t,) (6t)?==0, (at,)*(at)?=0 and |aéd|*(at,) (dt) (yt) 
—=0 respectively. The three lines meet in a point when the three quadratics are in involution; i.¢., when 
the determinant of the coefficients of t vanishes. The condition to be satisfied by ¢, is 

(Bt) Bo” 288: By? 

(at,)*® Ao” 2a a, a,’ 0; 

| §5|* (6t,) Soo SNE oN 

Since (yt,) =0, |By| = (8t,) and |ay|= (at,). Expanding the determinant and dropping the subscript 


from ¢,, 


|s3|*(at)* (Bt) (St) |ap| { |By||sa] + |av||¢8|} =O. 
Using the identity |af| (6t) = |ad| (Bt) — |B] (at), 
| ¢8|* (at) *|ad||¢a| (Bt) + |£3|*]a||¢B| (at) * (Bt)? — | ¢9|*|83| | sa] (at) * (Bt)? — | s3|*|85||¢B| (Bt) (at)* =O. 


Since ¢= 5, the second and third terms cancel. The first and last terms give C3, 3 — C5, 1 C1,5—=0. 
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The locus of points of contact of tangents from S to the corresponding 
conic of (6) is a septimic on the points P. Its equation is 


3 
LAL (d,%3—a, 77) =0, 
gotten by eliminating ¢ from (6) of §1 and line (4) of the present section. 


$6. Quartic © with Triple Point. 


The locus of the intersection of lines (3) and (4) of §5 (21) is a rational 
quartic ©. It has certain projective peculiarities which will be discussed. 
The parametric equations of © are: 
«= (1—t) [a,(1—t)’—a,], 
v,—t[a,—a,t*], (23) 
X=t (1—t) [a,(1—t)?—a,??]. 
Elimination of ¢ gives the form 


Saat (a —a,)*=0. (24) 
To obtain a symbolic expression, we recall that line 7 cuts N in the quadratic 
polar of ¢ as to C,,; line K cuts from N the quadratic polar of ¢ as to f (§ 2). 
If we write C, ,=(¢t)* and f= (at)'=(3t)*=(yt)'=(dt)*, the point 2 of the 
curve is given by the Jacobian of the quadraties in t’, (Ct) (ft’)? and (dt)? (dt’)?; 
that is, |¢d| ({t) (d¢)3(¢t’) (dt’) =0. Since C, == |a8|*|ay| | By) (yt), this be- 
comes |a3j|‘|ay| |By| |dy| (dt)? (yt) (dt’) (yt’) =0, where ¢ is the parameter and 
the two t’’s are points on N whose tangents meet at point ¢ of the quartic. 
n always passes through C,.; line K passes through this point when [C,., f]? 
=C,,=—0. Hence, the curve has a triple point at C,,, with parameters C, ,=0. 
The tangents at the triple point are the lines y having these parameters. 

The vertices of the reference triangle ABC are on the curve, and its sides 
make sections which break into harmonic pairs.* This is seen at once from 
the equations (23). It is natural to ask for the number of triangles thus related 
to the curve. The contravariant of the general ternary quartic (ax)* which, 
when equated to zero, gives the locus of lines making sections such that g,=0, 
is |aG&|?|@Byé|?|yaé|?=0.t When the quartic has a triple point, this breaks 
into a cubic ® and the triple point counted three times. In the present case, 
the question asked above is most conveniently treated by the use of the polar 
conic of a point on the curve, as will now be shown. 

The necessary and sufficient condition that a binary quartic with distinct 
roots have g,=0, is that it.contain as a factor the quadratic polar of each of 





*The four points on a line section of a rational quartic are not in general projective with the 
binary quartic of their parameters; but when the curve has a triple point, the parameters are projective 
with lines on the triple point, which are again projective with the points of a line section. : 

+ Clebsch, “ Vorlesungen iiber Geometrie,” p. 280. g, in Salmon’s notation is the (3,0 of the quartic. 
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its roots. To prove this, let the quartic be written (at) (Gt) (yt)?, where a and 
@ are real and y symbolic. For the quadratic polar of (at) we have 

[ (at) (Bt) (yt)*, (at)?] =2|Ba| |ya| (at) (yt) + |ya|? (at) (Bt) 

= (at) {2|@a| |ya| (yt) + |ya|? (Bt) }. 

Since |@a|=0, (@t) becomes a factor when, and only when, |ya| |y8|=0; i.e., 
when (at) (@¢) is harmonic to (yt), Hence, the polar conic of a point ¢ on the 
curve cuts it in points whose joins with ¢ make harmonic line sections. This 
holds for the general rational quartic. If the curve has a triple point, three 
intersections of conic and curve are at the triple point (which proves that the 
contravariant of the preceding paragraph contains the triple point three times) ; 
two are at ¢ and are to be disregarded, since the line section made by the tan- 
gent has a double root; the remaining three, when joined to ¢, give the lines of 
the cubic ® on that point. We ask that a point ¢, with two of these points, say 
t, and ¢t,, form a mutually related set; i.e., if ¢, gives ¢, and ¢,, ¢, shall in the 
same way give t, and ¢,, etc. Now the polar conic of a point y as to O is 


3 3 
2AjYy (Yo—Y) (H_—%)? + ZApTy(%_—#,) (Y.—Y,)?=0. (26) 
Let the functions (23) of ¢, and ¢ be substituted for y and & respectively. 
After cancellation of the triple-point parameters and a factor (t—+t,)? corre- 
sponding to the point of contact of conic and curve, the result factors thus: 
[a t,t (¢+t,—tt,) +a,(1—#,) (1—?#) (¢,¢—1) +4,(1—t,—1) ] 
* [a,4, (t, -+t,—2) —aya,(t+t,) +a,a, (¢+t,—2t,t) ] =0. (27) 
Let these factors in order be denoted by 9, and ¢,. @, is recognized as the 
quadratic polar of ¢, as to 
C10,2=([Cz,5, Cs,3]'=apaias} aot? (t—2) +a,(1—#)8(1+¢) +a,(2é—1) {, (28) 
which is a self-apolar quartic. For the binary quartic (at)'=(@t)‘=(yt)‘, 
the condition that (at,)?(at,)?=0, (at,)?(at,)?=0 and (at,)?(at,)?=0 be simul- 
taneously true is |a@|‘(yt,)‘=0;* hence, the necessary and sufficient condition 
that t, and the roots of its quadratic polar be mutually related for every t, is 
that (at)* be self-apolar. (29) 
Since C,,,, is self-apolar, we have proved a characteristic property of O: 
Through any point of the curve are two lines making harmonic sections 
with the curve and such that the line joining two of their further intersections 
also makes a harmonic section. 
There are thus «0! triangles of the kind sought. These will be called ® 
triangles. On each side of such a triangle are two further intersections whose 





5 a,’ (at,)? — 2aya; (at,)? P 

* 2 2— a = —_.—.._. Elim- 

Since ¢, and ¢#, are roots of (at,)?(at)?=0, we have ¢,t; a%(at,)?? t+ t; a? (at,)? Elim 

inate t, and t, from (at,)? (ats)? = [Po7tots + BoB: (te + ts) +B]? =90. The result is |Ba|*|By|? (at,)* (vt)°=0, 
which must be |af|*(yt,)* since (at)* has no other C3, 4. 
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parameters must satisfy ¢,=0. 9, is the polarized form of C,,=a,a,(1—?) 
+a,a,t—a,a,t(1—t). For each ¢, this factor gives a unique line of ® and 
could be used to obtain a parametric representation of ®. 

We consider next the involution on © cut out by conics on its triple point.* 
The base-points of this involution are given by a quintic covariant of f which 
we call f and whose covariants are indicated in like manner. The points f=0 
are cut out by a covariant conic on the triple point. Since a conic consisting 
of two lines on the triple point cuts out two arbitrary points, C,, is the canoni- 
zant of f. (Invariant factors are neglected when the function is to be equated 


to zero.) Line sections of © are quartics apolar tof. Since a root of the 
Hessian of a quintic is a triple root of an apolar quartic, H =0 gives the 
parameters of the flex-points, and S=0 (the Steinerian of f) the further inter- 
sections of the inflexional tangents with the curve. When a line section for 
which g,=0 has a double root, it has a triple root, and the line is a flex-line. 
We therefore obtain the fiex-parameters by putting t=7, in 9, and ¢,. It 
follows that H is pC. oCo,4, Where pis an invariant function or numerical. We 


now have these relations between the covariants of f and of /: 

C,s=pCs,35 Co o=9Cu.05 Os, Oma 9at 
Since C,, is the Hessian of C,, (3), f is such that its Hessian contains its 
C,,, as a factor. Referring to the syzygy 

6HC’—9ir?—7(4jB+6ta) =0 
derived by Dr. A. E. Landry,t it is evident that when j (the canonizant) does 
not contain t (C,.) as a factor, 7.e., when the discriminant of the canonizant 
does not vanish, B=0 is the necessary and sufficient condition that H contain 
ct. Hence, B=0. (This B is the invariant of degree 8.) 

It may be verified at once that the section made by the line (1,1, 1), which 
is the polar of the triple point as to the triangle ABC, is C,,,=0. We have 
thus four points of inflexion on a line. The remaining flexes are given by 
C,,.=0. We wish now to show that the flex-tangents at these points meet on 
the curve. Recurring to the expression ¢,, (27), it can be shown that-t, with 
the roots ¢, and ¢, forms a cubic apolar to both C,, and C,,. It is necessary 
first to prove a theorem on apolar cubics. 

When two binary cubics are apolar, their Jacobian is a self-apolar quartic, 
and triads apolar to both cubics are made up of a point and its quadratic polar 
as to the Jacobian. 





*Clebsch, “ Vorlesungen,” p. 461. 
+“A Geometrical Application of Binary Syzygies,” Transactions of the American Mathematical 
Society, Vol. I (1909), p. 106. 
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Let the cubics be (at)* and (@6t)*, where j|a@|*=0. Their Jacobian is 
|a3| (at)?(@t)?. If ¢, is a root of a cubic apolar to (at)* and (@t)*, the other 
two roots are given by the Jacobian of the quadratics (at,) (at)? and (Gt,) (@t)*; 
namely, |a@| (at,) (Gt,) (at) (Bt). We wish to prove that this quadratic is 
the same as the quadratic polar of ¢t, as to |a@|(at)?(@t)?. Polarizing 
|a@8| (at)?(@t)? twice, we have 

(1) |aB| {4 (at) (at,) (Bt) (Bt,) + (at)? (Bt,)?+ (at,)°?(Bt)?} =0. 

We have identically: 

(2) (at) (Bt,)=|aB| |t,t|+ (Bt) (at,), 

(3) (at,) (Gt) =|a8| |¢t,| + (@t,) (at). 

Substitute in the second and third terms of (1) after multiplying (2) and (3) 
by (at) (Gt,) and (at,) (Bt) respectively. The result, after simple reductions, is 

(4) 6 |aB| (at) (at,) (Bt) (Bt,) + |aB|*| t,t |2=0. 

Since |a@|*=0, this reduces to its first term, and the second part of the 
theorem is proved. To see that the Jacobian is a self-apolar quartic, it is 
sufficient to note that the roots of a cubic apolar to two cubics are in an involu- 
tion and to apply (29). 

Now C,,, and C,, are apolar, and C,,, is their Jacobian. We have thus 
proved that the «©! cubics which give vertices of ® triangles are the self-apolar 
pencil C, ,+AC, 5. (30) 

The product C,.,C;, is a member of this pencil; for, [C,,, C.,.j°=C,,, 
and [C, 3, C,,,|°=0. Hence, the triangle C,,C,, is a ® triangle. Since the 
polar conic of a point of inflexion is the flex-tangent and a line on the triple 
point, two ® lines through a flex-point coincide with the flex-tangent, which is 
therefore a side of the ® triangle. Hence, when two flex-points are vertices, 
the flex-lines must meet at the third vertex, which is a point of the curve. We 
have now proved a second important property of O: 

The six inflexions break up into sets of four and two; the four are on a 
line, and the tangents at the remaining two meet on the curve. The param- 
eters of the two sets are given by Cy, ,=0 and C,,,=0 respectively. 

The intersection of the two flex-lines, the point C, , on O, is on the line join- 
ing C,, and C,, as points determined by quadratics on N; for, [C,,,C,,,]’=C;,,, 
which says that the line 7 of C;, passes through point C,,. Lines through 
C;,, on © cut the curve in three further points which form a pencil C+AC’, 
where C is a cubic and C’ its cubic covariant. 

We consider now tangents to © at vertices of a® triangle. Tangents at the 
reference points are easily seen to meet at point C,.,; tangents at the vertices 
C,,.C;,, meet at C;,,; and tangents at the triple point C,, (a ® triangle with 
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coincident vertices) meet there. It will be shown that the tangents at vertices of 
each ® triangle meet at a point, and that the locus of such points is the straight 
line joining C,, and C,,. Beginning from the converse standpoint, we find 
the sextic of points of contact of tangents from a point x of the plane. The 
tangent at y on the curve is 


3 3 
BLM Yo (Yo—Y;)” (La—H;) + LyX (Yo—yY,)?=0. 
Substituting for y the functions (23), the result reduces to 
BCs, gC 9, 94,4, [Lot + #7, (1—t) —2,] +C,, g[ ata, +a, (1—t)*a,—a,2,]=0, (31) 
which gives the points of contact of tangents from x. When is on the join 
of C,. (or1,1,1) and C,, (aq", a7", az'), we have 7,=a;'+y, i=0, 1, 2. Sub- 
stituting these values of x in (31), the sextic becomes 


t 1—t 1 
8A)A,A,Cs, 3C's, » | + bi =| +C, s+ (1—t)§—1] 
+ uC, [at +a, (1—t)*—a,] =0. 





Ay a, 


In terms of covariants this is 
3C 5, 31 C2,2Cs,1—Cz,3] +M (4042) "C7, 5=0. 
Since C, (C3, ,=C,,.C's,,—Cz,3, we obtain 
3 [Co C5, +C;,3] [C. Cs, .—C;, 3] + fe (a a,a,)C, »C7,,=9, 
or 
3C3, oC5, 1—-[8— (Q,4,A2) "uC, 9] C7 3=0. 
The factors of this are of the form C, ,C;,,+4C;,,, which is identical with the 
pencil (30) giving the vertices of ® triangles. Hence: 

The six points of contact of tangents drawn from a point of the line C, .C,,, 
break into two sets of three, and each set forms a ® triangle. 

It is interesting to note that ® triangles may be obtained by drawing the 
lines of K ($2) from a point on the line C, ,C,,, and taking their intersections 
with the corresponding lines 7 ($5, (21)). For, if the line K is made to pass 
through x,=a;'+, the resulting cubic is 3a,a,a,C, ,—uC,,,, which is again the 
pencil (30). Triads of this pencil on N are points of contact of triangles cir- 
cumscribed about N and inscribed in the conic F on the five points 4, B, C, C,,, 
and C,,. For, the conic on the vertices of triangles whose sides touch N at 
C,,=0 and C,,=0 is on the Hessian point of each cubic. The conic F cuts V 
in Cy, 4= [C335 Cz,3]’- 

The triangle C, ,C; , on © (formed by the two flex-lines which meet on the 
curve and the line joining their flex-points) is a natural triangle of reference 
for the curve. Let the triple point be the unity point as before, and take the 
line joining the flexes as z,=0. The curve may be generated by the inter- 
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section of a line on (1,1,1) with a correlated line on (0,1, 0), the intersection 
of the fiex-lines. The coordinates of the variable lines may be taken as 


N t, 14, -, " 
£: ati, OO —b. (32) 
The curve is then written 
x,—=—b(1—+1%), ,=at?—bt, L,=at?(1—t), } (33) 
AX, (L_—2,)*+ bax, (4, —X,)?=0. 


The reference scheme uses eight coordinates, and the ratio a:b gives the nine 
necessary to determine the curve. Since three line sections are known, the 
fundamental quintic to which all line sections are apolar is readily found: 


f=a(#—5t#+ 108) —b(10#—5t+1), 
from which B=1,=0 is verified. The conic on the points f =0 is 
aj+6ai}+23+32, (%+2,) —14x,7,=0. 
The parameters of the four flexes on a line were given by the Jacobian of 
cubics of any two ® triangles. We now have C;,3=C, ,=at*—b and C, .C; , 
=t(1—t). The Jacobian is b—2t+2at?— at‘, which is again cut out by the 
line (1,1,1). This verifies (what could be seen otherwise) : 

The line on four flexes is the polar of the triple point as to all ® triangles. 
Moreover, the conic on f =0 is tangent to this line. 

® is now a &,(£,+£&,)?—bé,(&+&,)?=0, and the locus of self-apolar line 
sections is 4£,£,--(€,+&) (&, +&,) =0. Parametric equations of ® are obtained 
by making use of the fact that when ¢, is a vertex of a ® triangle the quadratic 
of intersections other than vertices on the opposite side is the quadratic polar 
of t, as to C,,. This is proved by consideration of the values ¢,=0, 1, 0. 
The quadratic is at,?—b=0. Using (33), the line joining the two points on 
© given by this quadratic is found to have coordinates 

f,=—b(1—t), &=t(at—b), &=—at?(1—t), 
the subscript having been dropped from ¢,. These equations express a side of 
a ® triangle in terms of the parameter ¢ of the opposite vertex. 

We can now prove a property of the six points of the curve other than 
vertices on the sides of a ® triangle.* It has been seen that the two points 
on one side of the triangle are given by the quadratic at,t?—b=0. Calling the 
roots ¢t and —?, we write in line coordinates the points ¢ and —?# of © given by 
(33). The product of these points is rational in ¢?. Eliminating ¢? by means 
of at?—b=0, we have, for the points on the side opposite ¢,, 





*This property is made the basis of the discussion of the curve by R. A. Roberts (Proceedings of 
the London Mathematical Society, Vol. XVI). 
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aot} (at,—b) —ab§it, (1—t,)’—b&3(at,—b) 

+ 2&,€, abt} (1—t) —2£,£,abt, (1—t,) =0. (34) 
We wish to show that three such degenerate line conics are members of a 
pencil when ¢,, ¢, and ¢, are vertices of a@ triangle. ¢,, ¢, and ¢, must satisfy 
an equation of the form C,,C;,+A4C,,=0. In the present notation this is 
at®’—At?+at—b=0. The conditions are therefore (the s’s being the symmetric 
functions of the three ?’s) s,=s, and s,=b/a. The second condition is used to 
eliminate b from (34). After division by a’, the result is 


Eoti (t,—85) —&it, (1—t,)*—&3(t,—8,) + 2&,€,t1(1—t,) wn BE aly (1—t,) =0. 
The matrix of three such conics, when-s,=s,, vanishes identically, and: the 
conics therefore belong to a pencil. Hence: 

The six further points of the curve on the sides of a ® triangle are siz 
points on four lines. 

§7. The Binary Quintic Represented on a Rational Cubic in Space. 

Let the p* in space be written in points: 


Ga =F, a, 22Bh, t,=3t, “=I, (35) 


G=1, §=—-t, §&=?, &=—#. (36) 
Any point of space in terms of parameters of planes from it to the curve is 


and in planes: 


Uy = Ss, UL = Soy U_—=S;, %=1; (37) 
and any plane in terms of its intersections with the curve is 
E,=1, €,=—45,, E,=45,, E,=—Sz, (38) 
where s,, Ss, and s, are the elementary symmetric functions of three ?’s. 

Let the quintic be written in canonical form as before (§ 1, (1)), and let 
the canonizant points A, B, C (t=0,1, 0) determine a plane a and a point p. 
From (37) and (38) it is seen that the condition that two cubics be apolar is 
the same as the condition that the point of each lie on the plane of the other. 
Since a cubic is self-apolar, p is on a. mis the plane 7,=2,, and p has coordi- 
nates (0,1, 1, 0). 

From any point of 2 are three planes of p* whose intersections with 2 are 
lines of a rational plane cubic. At A, B and C the three planes coincide; hence, 
the curve has three cusps and the intersection of the cusp-tangents is p. It 
is a rational quartic in points. Since the intersection of two consecutive planes 
of p* is the tangent line, the same curve is the locus of the intersection of tan- 
gent lines of p* with x. It is obviously the section of the developable quartic 
surface which p* determines, and is independent of the ratios a):a,:a,. To 
find its double line, we look for a line of which contains two planes of 9°. 
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The bisecant line from p meets p* in the Hessian of the canonizant cubic. 
Since these two ?’s and any ¢ are apolar to C, ,, the planes of these points and 
any plane of p* meet on 7; that is, the two planes meet on wa and give the 
double line. The points of contact are cut out by the two tangent lines to 9’. 
The parameters are given by C, ,=0. 

A transformation of the plane is determined by quartics on 9’ apolar to f, 
as follows: let ¢,t,t,t, be apolar to f/, and let lines ¢,t, and t,t, meet 2 in P and 
Q, respectively; then P and Q are corresponding points of the transformation. 
That this transformation is one-to-one and involutory is clear from the fact 
that from a point of the plane but one bisecant line can be drawn, and that the 
two values of ¢ thus found uniquely determine the second pair in the apolar 
quartic. It is the same transformation as is gotten by taking the cubic polar 
of t,t, as to f and finding the intersection of planes of p* at these points. Since 
cubic polars are apolar to C,,, the point so found will lie ina. To express 
analytically this transformation, we take as reference triangle the triangle 
ABC, and as unity point the transform of p. If the bisecant line from P of x 
meets p* at t, and ¢,, the transformed point Q is given by the cubic 

a,t*t,t,+a,(1—t)?(1—t#,) (1—#,) —a,=0. 

The coordinates of Q are therefore 

y= $,—= —A,(1—t,) (1—t,) +@,, | 

=, =8,= —3a,(1--t,) (1—#,), 

%,=<Oyt,t,—a,(1—t,)(1—#,). J 
Now the bisecant from p gives points C,,.=0 on 9°; 7. ¢., ¢, and t, satisfy #?—t 
+1=0. Using these values in (39), we find 7, =a,—a,, 7,=%,=34a,, %,=a,—d,. 
This is the transform of p, and is to be taken as the unity point y,=y,=y, in 
the plane. Since the space coordinates of A, B, and C are known from (35), 
the transformation from space to plane is readily found: 


(39) 


X= AY, — Up » AjYo= (X,—-3%,), 
UL, =X, =3a,y,, aY,=%,, U =p» (40) 
Hz3—= AY; —AYo » ALY, = (%,—34,). 
Applying this substitution to the equations (39), we find for Q: 
Y=th, y, = (1—t,) (1—#,), Yy,=1. (41) 


It is thus proved that if the bisecant line from P meets 9° in t,t,, the trans- 
formed point Q is at the wtersection of tangents t,t, to the conic y,=??, 
y,= (1—t)*, y=1. The position of the conic is determined by the reference 
scheme as described above. The coordinates of P in terms of t,t, are found 
from the equations of two planes on the chord ¢,t, of p*. Changing to y coor- 
dinates by (40), we find for the intersection of the chord with z: 
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Yo=[atit|—', yr=l[a,(1—t,)(1—ét)1-, yw=[a]~ (42) 
Comparison with (41) shows that P and Q satisfy (17). Hence, the transfor- 
mation of the present paragraph is identical with the quadratic transformation 
T of § 3. 

When ¢,=?¢,, P traces the quartic K and Q the conic N (see § 2, following 
(13)). Point p named by its tangent to N is C, ,=0, and its transform (1, 1,1) 
is C,.=0 as before. If from the fixed points of 7 in 2 the bisecants are drawn 
to 9’, the four quadratics (at,)*(at)*=0, (at)*(at,)?=0, or C,,=0 (14), are 
obtained. The quadric cone formed by projecting p* from a point ¢ on it cuts 
m in a conic on ABC which is the transform of line ¢ on NV. 

The rational plane quintic O (§ 4) was defined as the locus of the inter- 
section of a tangent to N with the corresponding line of K (§ 2). For this we 
may now substitute the following: Given p* and a plane cutting it, inscribé any 














N 





Fie. 2. 

conic in the triangle ABC of the three points in the plane; correlate points of 
conic and cubic in such a way that the point of contact of the conic with the side 
BC corresponds to A on 9°, etc.; the plane ¢ of p* and the tangent to the conic at 
the corresponding point ¢ meet at a point whose locus is O. The number of 
coordinates used in the plane is 8 for the triangle and p, and 2 for the conic. 
The binary quintic is not mentioned, but it is at once recovered through the fact 
that p gives C,, on N, and (1,1,1) gives (by its bisecant) C,, on 9’. 

Certain relations between the points given by the Hessian and Steinerian 
covariants on p* and N are of interest. (a) Let h and s bea pair of corre- 
sponding roots of the Hessian and Steinerian of f on N, and h’ and s’ the 
points having the same parameters on p*. (See Fig. 2.) By the definition of 
K (§ 2) the line of K having h as parameter is tangent to N at S; and it has 
been shown in the present section that a line ¢ of K is the intersection of 2 
44 
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with the plane ¢ of p*. Hence, the six planes of p* at the points H=0 cut the 
plane of the canonizant in sia lines of a conic, and the points of contact are the 
points S=0 of a correlated quintic on the conic. (@) The tangent to p* at h’ 
meets 2 at R, the point with parameter hon K. This point has been shown to 
be the intersection of tangents to N at s and h ($4, first paragraph). If we 
join s’ to a variable point ¢’ on 9’, the line meets 2 in a conic whose transform 
by 7 is the line Rs, as was shown above; this is in accord with the fact that 
the cubic polar of s’t’ always has a root at h’. When t’=h’, the cubic polar has 
a second root at h’, and the point determined on z by this cubic is on the inter- 
section of two consecutive planes at h’; that is, the point is R. Now the chord 
s’t’ meets 2 in the transform by T of the point given by the cubic polar of s’t’. 
Since h’s is a quartic apolar to f, the transform of R is h on N. Hence, chord 
s‘h’ contains h. If the points h on N were given, we should obtain the pairs 
s‘h' by drawing bisecants to 9° from them; the planes of p* at points h’ will then 
determine points s on N. (y) Since Rs is tangent to N and K, the conic into 
which Rs transforms by T' is tangent to K and N: to N at h, and to K at the 
transform of s. Therefore, six conics on ABC are tangent to K and N; the 
points of contact on N are at H=0, and the points of contact on K are cut out 
by tangents to p® at S=0. 

Two parameters ¢,, ¢, on p* give a cubic polar whose plane (named by #,, ¢,) 
passes through p. The locus of the intersection of chord ¢,¢, with plane ¢,f, is 
a surface Q whose points are in one-to-one correspondence with the points of 
x, the point t,t, of the surface being made to correspond to the point y of (41). 
(It will be recalled that this y is the transform by 7 of the intersection of 
chord t,t, with 2.) Let 


t+t,=6,, til, =O. (43) 
Equations (41) are equivalent to 
Yo=%) y,=—1—o,+¢6,, Y,=1. (44) 
Two planes on the chord are 
3X%)—O 71%, +0,X, =a@, 
—Z, he 


Using (10) with change of subscripts and (38), the plane ¢,t, is found to be 

A5,%_ + a, (1—o, +02) (—%)+2,—%,+%,) —a,4,=0. (46) 
Elimination of o, and o, from (45) and (46) gives the equation of the surface. 
To express analytically the above-mentioned correspondence between points of 
Q and 1, we eliminate o, and o, between (44), (45) and (46). Or, eliminating 
x from the equations (45) and (46) and (z&)=0, then using (44), we find as 
the equation of the point of Q corresponding to y: 
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3Y. —(Yo— Yi + Yr) Yo 0 
0 —Y, —y,+1 —3 
Yo Yo—-WUTY2 Yo - (47) 
UYo— AY, ay, —aQy, GY, —Yx2 
E, E E, Es 








The coefficients of the &’s in this equation are the coordinates of x; that is, we 
have x,=f;(Y, Yi) Ys), Where f, are homogeneous cubic functions of y. The 
transformation from plane to surface is then such that a plane section (x&) =0 
is the map of the plane cubic (f&) =0. 

The four cubics f;(y,, ¥,, Ys) =9 have six points in common; they are in 
fact cubic adjoints of O (§ 4). To see this, we recall that the parameters of a 
double point of O are subject to the conditions (at,)‘(at,) =0 and (at,)*(at,) =0. 
If ¢, and ¢, are roots of (Gt)?=0, this is equivalent to the requirement that 
(Gt)? be contained as a factor in its cubic polar |a8|?(at)®. In Salmon’s nota- 
tion this becomes 


At tat? + a,(1—t,) (1—-t,) (1—t)?—a,=p (b+ 2b,t+ b,t*) (¢+¢,t). 


Eliminating ¢,, c, and p from the four equations to which this identity gives 
rise, and substituting for the b’s their equivalents in terms of the point y 
determined by the quadratic, we obtain four equations in y which a double 
point must satisfy. These are precisely the four cubics found above. 

The surface Q contains p’, and this curve is the map of O; for, if ¢, and ¢ 
satisfy (at,)4(at) =0, the cubic polar of the quadratic tt, contains ¢, as a fac- 
tor, and the intersection of chord ¢t, with plane ¢¢, is the point ¢, on p*. The 
corresponding point ¢t, of 2 is on O by definition of the curve. 

Surface © meets x when chord ¢,¢, meets plane ¢,t, on a. Let chord t,t, 
meet a at P as before. The plane ¢,t, (i.¢., the plane cutting p* in the cubic 
polar of ¢,t,) contains Q, the transform of P by T, and p. Therefore, the sur- 
face meets m when P and Q are in line with p. The locus of such points is the 
plane cubic QD. (See $5. Point C,, of §5 is p.) Making x,=2, in the equa- 
tion of the surface and using the transformation (40) gives equation (20) of 
§5. That A, B and C, the fixed points of 7, and p are on this curve is seen at 
once from the present standpoint. The double points of O were given by quad- 
ratics which are factors in their cubic polars. If ¢,¢, is such a quadratic on 9°, 
the plane of the cubic polar contains the line ¢,t,; P and Q are then on the sec- 
tion of the plane with x, which says that the double points Q are on curve Q. 
Since the line ¢,¢, just referred to lies in its plane, it is a line of the surface Q. 
Six lines of the surface are thus accounted for. The six conics and fifteen 
lines determined by the double points of O map into the remaining twenty-one 
lines. 
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A theorem proved by Stahl* states that adjoint cubics of a rational quintic 
which are on two fixed points ¢, and ¢, of the curve meet further at the inter- 
section of tangents to the perspective conic with the same parameters. In the 
above mapping process, the point of 2 whose parameters with respect to the 
conic N are ¢t, and ¢,, was made to correspond to the third intersection with Q 
of the chord ¢,t, on p*. Stahl’s theorem follows at once from the fact that 
cubics on two fixed points of O map ito plane sections on a fixed chord of 9° 
which have necessarily the same third intersection with Q. 


§ 8. Further Consideration of Rational Quintic O of § 4. 


The quintic O was defined as the locus of the intersection of tangents to 
N at points ¢ and ¢’ when (at)‘*(at’)=0. It was seen that the parameters of 
its double points satisfy (at)‘(at’)=0 and (at’)*(at) =0, from which, by elimi- 
nation of ¢’, we obtain C,,-C,.=0. The first factor is accounted for by the 
fact that O is five times tangent to N at the points f=0 (§ 4). The parameters 
of the double points then satisfy a C, ,,=0. | 

To express this C, ,, in terms of the irreducible system, we let 0 and « be 
two of its roots. Then f takes the form 


f=apt® +10a,t?+10a,t?+a,. (48) 


C2 must be of the form C3,4+AC;,,.Ci,;. We determine A so that this shall 


have roots 0, 0 when a,=a,=0. In symbols, 
Czo=|a8|*(at)*(Bt)?, C,.=|a8|*(at) (Gt), 
Putting t=0 gives for the determination of 1: 
[ |aP|?apBo}°+A| a8 | a8, (a5)?=0, 
whence, when aja,=ajay>=0, A=—%. Hence, 
C1 = C, o— Cy, 1 5 (49) 
The above form (48) of f isolates one of the six double points by giving 
it the parameters (0,0). Certain properties of the curve are easily discussed 
from this standpoint. We take N in the form 
£, 222k, 


C, <= (at). 


fa =F, (50) 
The triangle of reference is now formed by two tangents from a double point 
to N and the line joining their points of contact. The equation of the conic 
on the remaining five points is found as follows: The adjoint cubics, found by 
the method of § 7 (paragraph following (47)), now take the form 


#,==1, 





AL + ApXy 
Ly 
0 
No 





3 (a_%, + A3%,) 
a2) 
N, 


3 (A+ a0, ) 
Xo 
No 


AgXy +52, 
0 
Xo 
Ns 





=(, (51) 





*« Zur Erzeugung der ebenen rationalen Curven,” Mathematische Annalen, Vol, XXXVIII (1891). 
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By proper choice of the y’s, this will break into a conic and a line on the double 
point (0,1,0); for convenience, we make it contain x, as a factor. The result- 
ing equations for the y7’s are 
4a.n3—a5n,=9, 6a7,—a57,=9, n,=9, 
from which is obtained the conic 
6a 0,05 + (a,4,—16a,a,) v3 +6a,0,73—2405u,2, 
—24a3x,2,— (20a,a,+a,a,)%,7,=0. (52) 
The product of the tangents from (0,1,0) to conic (52) is found to be 
X2.[ 6a,)% (a,4;—16a,a,) —144a3] +23[6a,a;(a,2;—16a,a,) —1440$] 
+ 2,%,[32a5a;—ajaz—4a,a,a,a,]=0. (53) 
To find the cubic adjoints with double point at (0,1,0), we make the polar 
conic of this point, as to cubic (51), degenerate into two lines of the form 
axj+ba,x,+cx3=0. The resulting two conditions on 7; give y,=7,=0. The 
pencil of rational cubics is 
1 [© (A pVy— 24,.%q) —- Xp (40450 + 45%2) ] 
+ mp [X3 (45%_—2agX (— Xp, (4% +402) ] =0. (94) 
Two members of the pencil have a cusp at (0,1,0). To find the cusp tangents, 
we require that the polar conic 
OpNoLe—A5n ,%— (4a,4,—4a7,) UX =0 
be a perfect square. Elimination of y, and 7, between this quadratic and its 
discriminant gives for the cusp-lines: 
293% + Aya;0,0, + 2a,0,03;=0. (55) 
There is a simple relation between these lines, the tangents to O at the same 
point, and the tangents to N. The equations for O are now: 
X= 4a,t* + 6a,t7 + 4,1, 
= —ayf°—2a,t®+2a,f?+a,,+ — (56)* 
L_ = —aot'—6a,t?— 4a,t. 
The line equations are found from these by differentiation, and the values ¢=0, 
co give for the tangents to O at its double point: 
| (40:50 + 050,) (A 9%+40,2,) =0. (57) 
The same pair of lines are obtained by differentiating (55) partially with 
respect to 2 and 2. Hence, the tangents to O are the harmonic conjugates of 
the tangents to N with respect to the cusp-lines of cubic adjoints, all sia lines 
being drawn from the same double point of O. 
From the standpoint of the space cubic p* (§ 7), the above result is inter- 
preted as follows: The six double points (1, 2,....,6) of O map into six lines 





*This is found as the intersection of line t of N with the corresponding line t of K. See §4. The 
coordinates of the lines are respectively (1, —t, t*) and (a,?(at)*, aoa, (at)*, a,?(at)*). 








354 Lewis: A Geometrical Application of 


of the surface Q; and the conics C,, ....,C, on five of the six points map into 
six lines, the two sets forming a double six. Let point 1 give line a, , meeting ¢° 
at ¢,t,, and let the corresponding conic C, give line b, (which does not meet p*). 
The cusp-directions (55), being the double lines of the involution of tangents 
to cubic adjoints, transform into the points of a, on the parabolic curve of Q. 
Any line on point 1, in particular the tangent ¢, to N, transforms into a plane 
section on b,. Since the transform of N is the section of Q with the develop- 
able surface determined by 9%, the point of contact ¢, on N becomes the third 
intersection of tangent ¢, to p? with O. Hence, interpreting f on p* without 
regard to NV: 

If t,,t, are a pair of associated roots of C, ,., (49), and give chord a, of 9°, 
and if b, is the corresponding line of the double sia on Q, the line t, of p* meets 
Q in a further point P such that the plane b,P cuts a, m the harmonic con- 
jugate of t, as to the parabolic points of Q on a,. 

The five lines from (0, 1, 0) to the remaining double points are found by 
elimination of x, from the cubics in the brackets of (54). The result is 

5) + 2aty,4L_.—Bazapu; + 8asaxia3—2a,0;0,%3—a203—0. (58) 
The lines to the five points f=0 on N are found by eliminating ¢ between f=—0 
and 7,=??, 7,=1: 
024 + 20a,0,25a, + 100a3apa3—100a3a5a3—200,0,0,73—a203—0. (59) 
Quintics (58) and (59) are apolar. That is, the six points have the property 
that lines joining one to the other five are apolar to lines joining the same 
point to a set of five fixed points in the plane. 

We now have C, ,=3ajt?+ (a,a5+2a,a3¢) +3a3. The point C,, therefore 

has coordinates 
X= 345, % = — (945+ 20,05), @,=3a3. 

The cubic polar of the quadratic (0, ©) as to f is 3a,t?+3a,t. Two roots of 
this are (0, « ), and the third is the y of §4. The point y on WN is therefore 
Negras, L,=—2a0s , t <=—e5. 

Comparison with the coordinates of C,,, shows that these points are in line 
with the double point (0, 1,0), which agrees with the theorem of §4. We have 

also the coordinates of the following lines: 

Polar of C,, as to NV: Gaz, (a a;+2a,a;,), 6az. 
Polar of (0,1, 0) as to conic (52): 12a3, (—a,a,+16a,0,), 1203. 
These lines meet on 2,=0, the polar of (0, 1,0) as to N. Now the line C,,, is 
determined by a covariant of f and is therefore independent of the choice of 

the double point to be used as (0,1,0). Hence: 
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The intersections of the polars of each double point as to N, and as to the 
conics on the other five, are six points on a line. 

The line on which the above six points lie (i.e., the polar of C,, as to N) 
is a covariant line of O which appears also in the case of the general rational 
plane quintic. ‘It makes the unique line section apolar to all line sections.* 
Since O is defined (at)‘(at’) =0, a point of the curve falls on the line C, ,=0 
when quadratic tt’ is apolar to C,,. Hence, the parameters of points on this 
line satisfy [f, C,,,]=C3,;=0. In the present notation we have 

C;, = (aa; + 20,05) t+ 6 (a,a3—4a3) t*+ 2a, (a,a;,—16a,a,) ¢° 

—2a,(a,a,—16a,a,) t?—6 (aja;—4a3) t—a,(a,a;+2a,a,). 
The apolarity of this with the line sections 7,=0, (56), is easily verified. 

Parametric equations for the conic C, on double points 2, 3, 4, 5,6 may 
be found by use of a corollary to Stahl’s theorem on the rational quintic (see 
end of $7). The corollary states that C, and the perspective conic N are in 
triangular relation. Consider triangles with vertices on C, and sides touching 
N. Wename a point of C, by the ¢ of the point of contact on the opposite 
side of the triangle. C, is given by equation (52). Line x,=0 cuts C, in points 
whose equation is 

(a,a;—16a,a,) 5+ 6a,0,;£7+ 242,£,=0. 
To find points of contact of tangents from these points to N, write &,=1, 
£ =—t, &,=—t. The resulting quadratic gives the parameters of the points of 
C,on #,=0. The quadratic x,=0 is found similarly. The tangent to N at 
t=1 is %—2,+x,=0. The tangent at a variable point ¢, 7,—vzv,t+2,t?=0, 
meets this at 7), =t, ,=1+t,x7,=1. Substitution of these values in (52) gives 
the quadratic of the section x,—z,+%,=0 with C,. From this, using quadratics 
%)=0 and x,=0 already found, the section z,=0 is determined. The equations 
for C, thus found are 

X= (a,a;—16a,a,) ??—24a5¢ + 6a,a;,, 

©, = 24a5t?+ (52a,a,—a,a,;)¢-+24a5, (60) 

Ly == 6a agt?—24a2t + (a,2;—16a,a,). | 
That these quadratics are not to be multiplied by factors independent of ¢ is 
verified by substitution in (52). 

The polar of the sixth double point (0,1,0) as to C, is 12(aja,+ajz,) 
— (a,a,—16a,a,)7,=0, whence the quadratic of points of contact of tangents 
from this point is 





*If the general rational quintic is represented by 2,—f;,(t), a line section é apolar to all line 
sections must satisfy [f;, fofo+&f:+&f2]>=0. The conditions on £ namely & (fo, f:)° + &(fo, fa)°=9, 
bo (fis fo) > + & (fis f.)°=90 and £& (fe, fo)° + & (fe, f1)"=0 give £0212 (fi, fe): (fe, fo)*: (fos f1)°, Which is 


unique when the /’s are general. 
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t?[12a3(a,a2;—16a,a,) —6 - 120,03] 
+t[ (aja;—15a,0,) (52a,a,—a,a5) + (24) 20302 
+ [1203 (a,a,—16a,a,) —6 - 12a3a,] =0. 
The discriminant of this quadratic is the function whose vanishing is the con- 
dition that the six points lie on a conte. 

To find the quintic of the five double points on C,, we find the intersections 
of C, with any two adjoint cubics. The two sextics in ¢ will have a quintic 
factor in common, which is the required quintic. This is found tu be 

F(t) =a, (a,a;+8a,a,) t® +12 (aya3—8a§) t4+ 16a, (a,a;—19a,a,) ¢8 

+ 16a, (a,a,—19a,a,) t?+12 (a,0;—8a3)t+a,;(a,a,+8a,a,). 

F(t) is apolar to f=a,t°+10a,7+10a,t?+4,. 

The six double points of O are completely determined as the fixed points 
of a certain (3,1) correspondence. Let f be written a,t°+a,(1—t)’—a,, and 
take N in the form 2, =?, 7,= (1—1)*,v%,=1,asin §1. Let t,t, on N give point 
y, and let t,, t,, t; be roots of the cubic polar of t,t, as to f. Lines of N at points 
t,,t,,¢; form a triangle whose vertices are three points xcorresponding toy. If 
t, and t, were given, we should find y as the intersection of the quadratic polars 
of these points as to f; hence, one x gives one y, and the correspondence is 


(3,1). From the fact that a double point of O belongs to a quadratic which 
is a factor in its cubic polar, « and y coincide at the six double points and only 
there. The coordinates y must be rational functions of the coordinates «. 
Let x belong to the quadratic ¢,t,. The lines cutting out the quadratic polars 
(i.e., the lines of K (§2) having these parameters) are 

Agts , a,(1—t#;)%, —Ap 5 

Ati , a;(1—t,)’, —4, 


whence 
ApYo= (te+t,)?—tt,+3[1—(t,+4,)], 


AY, = (tg +t,)?—tst, , 
A,Y= (ts +t,)’—tst, + 3tgti—3tst, (t+ t,). 
Since x%=1t,t,, %,= (1—t#,) (1—t,), 2% =1, and 7,—2z,+%,=t,+1t,, the transfor- 
mation takes the form 
AyYo= (—Ly +X, +X_)?—H,Xp , 
AY; = (Lop —L, + Ly)? — Upp , 
AyYy = (Lo t+X,—Ly)? — MyM, . 
The conics y,=0 are on the point (1,1,1). Sets of three points x correspond- 
ing to one y are three variable intersections of this net. 











The Quartic Curve and its Inscribed Configurations. 


By H. Bateman. 





$1. Introduction. 


Whereas the geometry of a planar cubic curve can be regarded as fairly 
complete, that of the quartic is far from being so. It is true that the present 
knowledge of the properties of the curve is very extensive, as may be seen 
from the admirable article by G. Kohn and G. Loria in the “Encyklopadie der 
Mathematischen Wissenschaften”;* but there are several important questions 
which have still to be answered. Some of these are mentioned in Ciani’s recent 
report.+ At present the most useful form for the equation of a general quartic 
is that obtained by regarding the curve as the envelope of a family of conics ¢ 


aS, +2425, +5,=0, 


where 4 is a variable parameter. This form, however, is unsuitable for a dis- 
cussion of the invariants and covariants of the curve. A canonical form con- 
sisting of the sum of the fourth powers of five linear functions can not be used 
for this purpose, for Clebsch$ has shown that the equation of a quartic curve 
can be thrown into this form only when the invariant B (the catalecticant) 
vanishes. The sum of six fourth powers is a possible form, || but the equation 
of the general quartic can be reduced to this form in »* ways. It is easy to 
deduce from this equation that three corners of the hexagon given by the six 
linear forms form an apolar triad with regard to the quartic, and that the sides 
of two such hexagons touch a curve of the third class; but the equation is not 
adapted to a simple discussion of other geometrical properties of the curve. 
It has been found by experience that it is convenient to have a number of 
typical forms for the equation of the curve, each form being appropriate for 
the study of the properties of the curve relative to some inscribed configuration. 





* Bd. III 2, Heft 4 (1909), pp. 517-570. 

+ “Le curve piane di quart’ ordine,” Giornale di Matematiche, t. 48 (1910), pp. 259-304. 

~ G. Salmon, “Higher Plane Curves,” Dublin (1852), p. 196. 

§ Crelle’s Journal, Bd. 59 (1861), p. 125. 

|| Rosanes, Crelle’s Journal, Bd. 76 (1873), p. 329. Scherrer, “Progr. Frauenfeld,” p. 17. Scdrza, 
Annali di Matematica (3), t. 2 (1899), p. 329. 
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In some cases the existence of the configuration implies that the quartic curve 
is not general. Such cases are studied here in detail so as to prepare the way 
for the determination of the relations between the invariants which correspond 
to each particular case. A complete system of rational invariants of the general 
quartic curve has not yet been obtained in a form which is easy to use; but, 
thanks to the labors of Salmon,* Clebsch,+t Maisano, t Gordan, {§ Caporali, || 
Pascalf and Emmy Noether,** considerable progress has been made. In par- 
ticular, Pascal has obtained criteria for certain types of degeneration, and 
Noether has constructed a relatively complete set of forms. Drs. Morley and 
Conner ++ have found the relation which connects the invariants A and B when 
the curve contains «0! configurations of fifteen points lying by threes on twenty 
lines, while Caporali has obtained some of the relations which are characteristic 
of certain other special types of curves. 

A result of considerable importance for the invariant theory has been ob- 
tained by writers on Abelian functions of genus 3.¢{ It follows from the 
work of Riemann and Schottky that the invariants of a quartic curve can be ex- 
pressed rationally in terms of six fundamental quantities which can be regarded 
as irrational invariants of the curve. In particular, the twenty-eight bitangents 
can be represented by equations in which the coefficients are rational functions 
of the six fundamental quantities.§§ Cayley has shown that the quartic curve 
possesses a double point when the irrational invariants are connected by a 
certain relation. The Abelian theory has been further developed by Klein, || || 
Wirtinger,{{| H. F. Baker*** and J. E. Wright.tt++t Frobenius}{{ has obtained 
similar results by algebraic methods. In his second memoir he starts with 





* “Higher Plane Curves.” 
tT Loc. cit. 
} Giornale di Matematiche, t. 19 (1881), p. 198. 
§ Math. Ann., Bd. 20 (1882), p. 487. 
|| “Memorie di Geometria,” Naples (1888). 
Napoli Atti (2), t. 12 (1905), p. I. 
** Crelle’s Journal, Bd. 134 (1908). 
+7 AMERICAN JOURNAL OF MATHEMATICS, Vol. XXXI (1909), p. 263. 
tt B. Riemann, “ Werke,” 2d edition, p. 487. H. Weber, “Theorie der Abel’schen Functionen vom Ge 
schlecht drei,” Berlin (1876). F. Schottky, “Abriss einer Theorie der Abel’schen Functionen von drei 
Variabeln,” Leipzig (1880); also Acta Mathematica, t. 27 (1903). Berlin Berichte (1910). 
§§ See also A. Cayley, “Collected Papers,” Vol. XI, p. 221; Vol. XII, p. 74. R. de Paolis, Mem. 
Lincei (3), 2 (1878). 
|||| Math. Ann., Bd. 10 (1876). 
{i “ Untersuchungen iiber Thetafunktionen,” Leipzig (1895). Math. Ann., Bd. 40. 
*** “Multiply Periodic Functions,” Cambridge (1907). 
+i} AMERICAN JOURNAL OF MATHEMATICS, Vol. XXXI (1909), p. 271. 
ttt Crelle’s Journal, Bd. 99 (1886); Bd. 103 (1888). 
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Hesse’s method* of deriving a general quartic curve from a net of quadric 
surfaces touching eight associated planes. He uses the symbol f,,,; to denote 
the determinant formed from the homogeneous coordinates of four of these 
planes, and shows that the thirty-five ratios f,,,:fo12, can be expressed 
rationally in terms of the sixteen ratios f,gy3: foiog, (A = 4,5, 6,7), in which 
the suffixes 8, y,¢ can denote any three of the numbers 0, 1, 2, 3, and the 
numbers 0,1, 2,....,7 are used to denote the eight associated planes. Now, 
these sixteen ratios form an orthogonal matrix, on account of the existence of 
relations of the type 


> frapy tra pry’ = 0, (A os 4, dD; 6, 3 a = = a’, B + 8’, ¥#y’), 
and can consequently be expressed rationally in terms of six fundamental 
quantities with the aid of Cayley’s formule for the coefficients of an orthogonal 
linear transformation.t Frobenius remarks, however, that it is more con- 


fisys 


venient to retain the quantities , in spite of the relations between them, 





forss 
and to regard these as the fundamental irrational invariants of the quartic. 


He shows in particular that, if x.,, (a, 8 =0,1,....,7), are twenty-eight linear 

forms which, when equated to zero, give equations of the bitangents, we have 

relations of the type > f45, Ya, =90, connecting the forms belonging to four 
A 


bitangents of an Aronhold system. The summation extends over the values 
of 4 which differ from a, 8, y, 6. 

An important consequence of this result is that, if we know the equations 
of seven bitangents of an Aronhold system, we can determine a set of irrational 
invariants. Now, the properties of a quartic curve in relation to an Aronhold 
system of bitangents may be discussed very conveniently with the aid of a 
(1, 2) transformation { in which the lines of a plane X’ correspond to a net of 
cubies through seven fixed points in a plane X. A point P’ in X’ consequently 
corresponds to a pair of points P,, P, in X, and when these come together, 
P’ lies on a quartic curve§ which is called the limiting curve (Grenzkurve, 
Uebergangskurve) || of the transformation. The seven base points in the plane X 
correspond to seven bitangents of the limiting curve LZ, and these bitangents 
form an Aronhold system. It is important to notice that in many cases these 





* Crelle’s Journal, Bd. 49 (1855). 

} Crelle’s Journal, Bd. 32 (1846), p. 119. “Collected Papers,” Vol. II, p. 133. 

{ A. Clebsch, Math. Ann., Bd. 3 (1871). M. Noether, Erlangen Berichte, 10 (1878). Miinchen Abh. 
(1889). R. de Paolis, loc. cit. G. Frobenius, loc. cit. L. Cremona and G. Battaglini, Atti R. Acc. d. Line- 
(3), II, p. 152. 

§ S. Aronhold, Berlin Berichte (1864). 
|| Also called the synoptic curve. Miss C. A. Scott, Quarterly Journal, Vol. XXIX. 
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bitangents can be derived from the seven base points by a correlation between 
the two planes, and so the work of calculating Frobenius’s irrational invariants 
is much simplified. 

In this memoir we shall endeavor to prepare the way for a discussion of 
the conditions that a quartic curve may be of a particular type by looking for 
a (1,2) transformation which has the species of quartic curve as limiting curve. 
The appropriate transformation has already been found in a number of cases. 
It is known, for instance, that the quartic curve Z has a double point when 
three of the base points lie on a line or when six lie on a conic.* JL consists 
of two conics when six of the base points are at the corners of a complete 
quadrilateral; it consists of four straight lines when six of the base points 
are consecutive in pairs and the lines joining the three pairs meet at the 
seventh base point. The conditions on the seven points usually take two or 
more alternative forms, for it should be noticed that the limiting curve L is 
unaltered when the net of cubics in the plane X is transformed into another 
by a quadratic Cremona transformation with base points at three of the seven 
points. 
We shall prove in this memoir that the Liiroth quartic arises from a 
(1, 2) transformation in which the seven base points have the same polar lines 
with regard to a conic and a cubic. When the cubic breaks up into three 
straight lines, the desmic quartic is obtained; this gives a simple verification 
of Schur’s theorem+ that the desmic quartic is a particular case of Liiroth’s 
quartic. 

The known fact that Liiroth’s quartic can be derived from eight asso- 
ciated points which are the poles of a plane with regard to a cubic surface, ¢ 
is next used to obtain a construction for seven points which have the same 
polar lines with regard to a conic and acubic. The desmic quartic arises when 
the plane meets the cubic surface in three lines. ) 

A (1, 2) transformation is next set up by mapping the chords of a twisted 
cubic in space on the points of a plane. The two points in which a chord meets 
a fixed quadric then correspond to the point in the plane which is associated 
with the chord. The (1,2) transformation between two planes is finally ob- 
tained by mapping the quadric surface on a plane by stereographic projection, 
using one of the points in which the quadric is met by the twisted cubic as 
vertex of projection. 





* Also when two of the points come together. 
} Crelle’s Journal, Bd. 95 (1883). 


t{ W. Frahm, Math. Ann., Bd. 7 (1874). E. Téplitz, Math, Ann., Bd. 11 (1877). 


















Bateman: The Quartic Curve and its Inscribed Configurations. 361 


A transformation which gives rise to a desmic quartic is obtained in this 
way. The representation also leads to a notable property of a quadratic com- 
plex of lines which contains all the lines joining five points on a twisted cubic. 
It also leads to the consideration of a type of uninodal quartic containing o! 
configurations of ten points lying by threes on ten lines, and to a new proof of 
the theorem” that a plane section of Weddle’s surface contains »! configura- 
tions of fifteen points lying by threes on twenty lines. 

The method, due to E. Godt + and E. Timerding,{ of deriving a quartic 
curve, and in fact a (1, 2) transformation, from a general Cremona quadratic 
transformation between the lines of a plane is next studied; and quadratic 
transformations are found which give rise to the Liiroth and desmic quartic 
respectively. 

Klein’s quartic is next obtained as the limiting curve of a (1, 2) trans- 
formation; and a set of eight associated points in space, from which the curve 
can be derived, is deduced from this result. The known equations of the 
twenty-eight bitangents of Klein’s quartic are obtained by a simple method. 

Dr. Coble§ has extended the known reduction of the equations of a point 
conic and line conic to the sums of three squares. His extension relates to a 
point quartic and a line quartic. Two sets of six conics take the places of the 
sides and vertices of the common self-polar triangle, and each quartic is conse- 
quently represented as the sum of the squares of six quadratic forms. Now, 
it seems natural to try to extend other simplified forms of the equation of a 
conic to a quartic curve. An extension of the equation of a conic referred to 
a circumscribed triangle leads to the known form 


Va, + V2 + V2.2 =0 
of the equation of the general quartic curve. The corresponding generalization 


of the equation of a conic referred to an inscribed triangle leads to the problem 
of reducing the equation of the general quartic to the form 


Ys Yo 2 Sq TH 2 Sq Ly Ve + L, U2 Y, Yo = 0. 


This problem is shown to be equivalent to that of finding a triangle which is 
inscribed in a given cubic and circumscribed to a given conic; and, in general, 
this problem possesses a limited number of solutions. In a special case, how- 
ever, oo! quadrilaterals can be circumscribed to the conic and completely in- 





* H. Bateman, Proc. London Math. Soc., Ser. 2, Vol. III (1905). Morley and Conner, loe. cit. 
+ “Dissertation,” Géttingen (1873). Clebsch-Lindemann, “ Vorlesungen,” p. 1007. 

$ Math. Ann., Bd. 53 (1900), p. 193. 

§ Trans. Am. Math. Soc., Vol. IV (1903). 
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scribed in the cubic. I have shown that in this case the corresponding quartic 
curve is a desmic quartic. 

It is known that Caporali’s quartic possesses «0! sets of twenty-four points 
with the property that each set can be divided into a group of three quartets 
such that any two quartets belonging to different groups lie on a pair of lines. 
Now, I have discovered a second type of quartic curve containing o! sets of 
twenty-four points possessing the same property, but these configurations of 
twenty-four points have other properties which differ from those possessed 
by the configurations inscribed in Caporali’s quartic. 

The parts of the thesis which have been reserved for later publication 
are devoted to the following topics: 

1) The analytical study of Hesse’s configuration. 

2) Discussion of the case “D” with the aid of elliptic functions. 

3) A set of eleven points in a space of four dimensions with the property 
that each point is the vertex of a quadric cone passing through the 
other ten. 

4) A new property of the four-nodal cubic surface. 

5) A diagram showing the twenty-eight bitangents of a quartic curve, 
with their symbols in Hesse’s notation. 


§ 2. Liiroth’s Quartic. 


Liiroth* has shown that a quartic curve which passes through all the 
intersections of five lines is not general, for it is the covariant S of a quartic 
of Clebsch’s type, 7. e., a quartic whose equation can be expressed as the sum 
of five fourth powers; and since this type of quartic depends on only thirteen 
constants, it follows that the equation of Liiroth’s quartic involves only thirteen 
independent constants. Luroth has shown, moreover, that when one pentagon +: 
is known to be completely inscribed in a given quartic curve, there are «0! pen- 
tagons with the same property, and their sides all touch a conice. { 

A particular (1,2) transformation which has the Liiroth quartic as limiting 
curve may be obtained as follows: 

Let a point P correspond to the two points Q, Y’ in which the polar of P 
with regard to a conic C, meets the polar conic of P with respect to a cubic C,. 
There is evidently a (1,2) correspondence between P and Q; for when Q is 
given, P is the point of intersection of the polar lines of Q with regard to the 





* Math. Ann., Bd. 1 (1869), Bd. 13 (1878). 

+ I use the word “pentagon” here to mean the figure formed by five lines; it has ten vertices. 

${ See also Darboux, “Sur une classe remarquable de courbes et de surfaces algébriques,” Paris 
(1896), p. 186. W. K. Clifford, “ Math. Papers,” p. 205. 
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conic and the cubic. To find the locus of P when Q and Q’ come together, we 
take the equations of the cubic and the conic in the forms * 

(ax’)=0, (ba*)=0, (x) =0, 
where the symbol (a2*) is used to denote the sum of four terms with different 
suffixes. The four lines z,, x, %,, %,=0 are the common tangents of the o! 
conics apolar to C, and C,; they form a quadrilateral whose six corners lie on 
the Hessian of C,;. Let (y,, y2, Y3;, y,) be the coordinates of P. Its polar with 
regard to C, is (byx) = 0, and its polar conic with regard to C, is (aya?) =0. 
When Q and Q’ come together, the line QQ’ touches this polar conic at the 
point Q (2,, 2, 23, 2), and so its equation must be equivalent to (ayzx) = 0. 
Since (x) = 0, we must have a set of relations of the type 


O,Y,2,=2b,y, +H, (r=1,2,3,4). 
Using the relations (2) =0, (byz) =0, we find that 


a)reG)=0 ED +a()=a 
O()-Cy. 


‘ 
Putting Ce + (7y a; ¥; =0, and using the symbol [c] to denote the sum of 


Hence, 


five terms with different suffixes, we see that the locus of P, when Q and Q’ 


come together, is the Liroth quartic [=| = 0. Since the equation of the 


Hessian of C, is (=) = 0, it appears that the Hessian H, touches the Liiroth 


quartic DZ at the six corners of the quadrilateral. 

This indicates a method by which a suitable C, can be determined when ZL 
is given. Since there are 01 pentagons completely inscribed in LZ, it appears 
that there are o! suitable C,’s. 

Returning to the transformation, we notice that, if P describes a straight 
line (£ y) =0, the two corresponding points @ describe a cubic curve whose 
equation is obtained by eliminating y,, y,,; y;, y, from the four equations 


(y)=90, (Ey)=0, (byx)=0, (aya*)=0. 
It is easy to see that the equation of the cubic can be derived from that of the 
line by writing 





* A reduction to these forms is given by R. A. Roberts, Proc. London Math. Soc., Ser. 1, Vol. XXI 
(1889), p. 62. 
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Y, = Az Dy L_ 23 — Ay b,15X, + A, b,x; X,—A,b, 2%, Ui + a,b, %, Xi — a,b, 22 u,, 

Yo = 4, b,x, 27 — a,b, 3X, + a,b, x32, — a,b, 2,25 + a,b, 2,23 — a,b, 27 u,, 

Y3 = a,b, 2,23 — a,b, x}, + a,b, xi x,—a,b,%, xi + a,b, x, xi — a,b, x3 %,, 

Ys, = Ay bs X}X, — Az b, Lp x3 + a,b, 13%, — a,b, 2,05 + a,b, x} x, — a,b, L, x5 ; 
and these are the equations of the transformation. 

The cubic curve corresponding to a given line ¢ can be generated by the 
points of intersection of corresponding members of a pencil of conics and a 
pencil of lines. The conics are the polar conics of points on ¢ with regard to 
C,, and so pass through the four poles of ¢ with regard to C,.. The lines are 
the polars of points on ¢ with respect to C,; they all pass through 7, the pole 
of ¢ with respect to C,. This point 7 evidently lies on the cubic 7, corre- 
sponding to ¢, and the four tangents from T to ¢, are the polars with respect 
to C, of the four points in which ¢ meets L. Hence, the invariant of 7,, 1. é., 
the cross ratio of the four tangents which can be drawn to it from any point 
of the curve, 1s equal to the cross ratio of the four points in which t meets L. 

The four cubics y, = 0, y, = 0, y,=0, y, = 0 all pass through the seven 
points which have the same polar lines with regard to C, and C,. These 
seven points are the base points of the (1, 2) transformation; and their corre- 
sponding lines, 7. e., their polars with regard to C,, are by a well-known 
theorem bitangents of the limiting curve LZ. Hence, we have the following 
theorem: 

The seven points which have the same polar lines with regard to a conic C, 
and a cubic C, are such that these polar lines form an Aronhold set of bitangents 
of a Liroth quartic. 

It appears from this result that the seven points can not be chosen arbi- 
trarily; they depend on thirteen independent constants instead of fourteen. 
This would not be expected a priori, because an arbitrary cubic and conic give 
fourteen arbitrary constants. 

It is not easy to find the relation between the seven base points. At Prof. 
Morley’s suggestion I have considered the cubic C, and two points as given, 
and found the locus of the other five. 

Take the two given points and the intersection of their polar lines with 
regard to C, as corners of the triangle of reference. The equations of C, and 
C, then take the forms 

g=ar+bytic&+3fy2e+3gy2@4+3ker*7+3la°y+6nxzyz2z=0, 

p=Aaxr’+bgy+cfe+2fgyz=0, | 
where A is arbitrary. The possible conics C, all have double contact at two 
points on the line x = 0. 
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A point (2, y, 2) has the same polar line with regard to C, and C,, if the 
three derivatives of @ are proportional to the three derivatives of ; hence, 
it lies on the two cubic curves 


f(gy +z) (la? + by + 92+ 2fyz+ 2nzx) 
=glby+fz) (ka? + fy? +c2+2gyz2+2nzy), 
Ax(le?+by+tge+2fy2z+2nz2n) 
=gl(by+fzj(av®+2nyz+2kex+2laxy). 

The first equation does not contain 4, and so represents the required locus 
when two points and C, are given. The locus is a cubic curve which circum- 
scribes the triangle of reference and passes through the four poles of «= 0 
with regard to C,. It also passes through the two points in which the polar 
conic of one of the given points meets its polar line. Since the term in xyz 
is absent from the equation, it appears that the corners of the triangle of 
reference form a conjugate triad; 7. e., the mixed polar of two points passes 
through the third. It is clear that this cubic locus is the cubic t, corresponding 
to the line = 0 in the transformation. The associated point 7 is the point 
y =0, 2=0, and this point is coresidual to the seven base points of the trans- 
formation. 

If in the previous notation the equation of C, is (ax*) =0, whete (~)=0, 
and (Y15°Yo, Ys> Ys)y (219 2n5 23) &) are the two given points, the equation of the 
locus is 

(axy*) (au z) (ay2*) = (ax2*) (ar*y) (ay’2). 
This equation was obtained by Professor Morley. 

Returning to the previous work, we notice that as 4 varies the second 
equation represents a pencil of cubics which pass through four fixed points on 
T,, Viz., the two given points and the two points in which the polar conic of one 
of these points meets its polar line. It appears, then, that the different possible 
sets of five points associated with the two given ones and C; are cut out by a 
pencil of cubics through four fixed points on 7,, and so form an involution on 7;. 


§3. Derivation of the Desmic Quartic from a (1,2) Transformation. 

Let us now consider the case when the cubic C, consists of three straight 
lines. Taking these lines as sides of the reference triangle and using the 
equation of the conic in the form 

F = (a,b,c, f, 9g, hXa, y, 2)? = 0, 
we find that the polar conic of a point P (X, Y,Z) with regard to the cubic is 
AXyz+Y¥2er+ Zuy=0, 
46 
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while the polar line of P with regard to the conic is Ux+Vy+Wz=0, 
where U=aX+hY¥ 4+ 9Z, V=hX+0Y4+/fZ, W=g9gX4+f¥4+cZ. 

The line touches the conic if 

VXU+ VYV+VZW=0. (1) 
This, however, is Humbert’s equation for a desmic quartic curve.* It evidently 
represents a quartic curve having the lines X = 0, Y=0, Z7=0, U=0, V=0, 
W =0 as bitangents. Now, when X =0, we have DY?=cZ’; hence, it appears 
that the points of contact of the three bitangents X = 0, Y =0, Z=0 are the 
corners of a complete quadrilateral whose sides are the lines 

XVa+Y¥Vb+ZVc=0. 

Humbert has shown that there are altogether six triads of bitangents of the 
curve which possess this property. The lines U=0, V=0, W=0 form 
another of these triads. 

It should be mentioned that since a, b, c, f, g, h are quite arbitrary, the 
equation we have obtained represents the general desmic quartic, and so we 
have the result that the desmic quartic may be derived from a transformation 
associated with a conic C’, and a cubic C, which consists of three straight lines. 
This gives a simple verification of Schur’s theorem that the desmic quartic is 
a particular case of Liiroth’s quartic. This result may also be deduced from 
Humbert’s remark that the sides of the quadrilateral formed by the lines (1) 
meet the quartic again in collinear points. This remark also enables us to prove 
that there are more than one system of pentagons completely inscribed in the 
desmic quartic; for, if we can show that the quadrilaterals belonging to two 
triads of bitangents do not touch a conic, we can be sure that the pentagons 
derived from these quadrilaterals by adding an associated line, belong to 
different systems. Now, in the case of the two triads of bitangents whose 
equations have already been obtained, the sides of the two quadrilaterals are 
given by 

XVa+Y¥Vb+ZVc=0, UVbe—f?+V Vca—g?+ W Vab—h?=0. 
Conics touching the sides of these quadrilaterals have equations of the types 
IX?+mY*?+nZ?=0, aU*?+uV*+7W?=0, 
respectively. 
These equations are the same only if 
Agh+ubf+rfec=Aagat+ufh+rveg=Aah+uhb+rgf=0; 


4. €., if 
g?h? (f?— bc) +abfg (ch—fg) +cahf (bg—hf) =0. 


* Liouville’s Journal, t. 6 (1890), p. 423. 
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Since this equation is not generally satisfied, we must infer that there are 
different systems of pentagons associated with the two triads of bitangents. . 
Now, Humbert has shown that there is an equation of the form (1) associated 
with any two of the six triads of bitangents; hence, we are led to the conclusion 
that there are at least six different systems of pentagons completely inscribed 
in the desmic quartic. | 

To determine the nature of the involution on the conic touching the sides 
of all the pentagons of one system we use Darboux’s method. Let y? =z be 
the equation of the conic; then the equations of the five sides of a circumscribed 
pentagon may be written in the form 





afv+2ay+2=0, (oae0, I, ....5 4): 
If now we put 
_ aat2ayte - 
L, = f’ (a,) ’ (s=1,...., 4), 


where f(a) =(a—a,) (a—-a,) (a—a,) (a—a,), the condition (x) =0 is satisfied. 

The equation of a desmic quartic derived from a cubic C, consisting of the 
three lines (~*) = 0 and the conic C, whose equation is (bx?) =0, is easily found 
to be 


(b82) (=) = (0). 


Taking (b?2) = 0 to be the line a,, and noticing that (b) is arbitrary since any 
multiple of (2) can be added to (b?x) without altering the equation of the 
quartic, we find that this equation takes the form 

: f’ (,) A 

: == @, 

7 ee itagta Gabiaee | 
Introducing Darboux’s coordinates 7: 2y:2=1:0+ 9:69, we find that the 
equation may be written in the form 

sft). 2 _Sfte), 2 


1%,—0° a—O0 Ya—o %—H 














Hence, the pencil of quintics giving the parameters of sets of five tangents 
which intersect on a desmic quartic is of the form 


_ sf (4) A | = 
(a — 0) f (8) [£5 +25 +4] =0, 
where wu is a variable parameter. 


The desmic quartic is also obtained when the cubic C, and the conic C, 
are represented by the equations 


e+ty+e+6mryz2e=—0, azv’+by?+c2z*=0, 





respectively. 
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The polar conic and polar line of (X, Y, Z) are now 


X(x?+2myz) + V (y?+2mexr)+Z(2+2mzy) = 0, 
aXx+bYy+c¥z=0, 
respectively. The conic touches the line if 
a? X* (YZ — m? X*) + b? ¥? (2X — m? Y*) + c? Z? (XY — m? Z?) 
+2bcYZ (mY Z—mX?*)+2¢caZxX (m’?ZX—myY’*) 
+2abxXY (m’?X Y—mdZ’*) = 0, 


or 
[(a®@—2mbc)X + (b?—2mca)¥ + (2—2mab)Z)XVZ 


=m [a? X*+ b?Y*4+ ce? Z*—2bcY*?Z?—2caZ? X*—2ab X* Y"}. 
This, however, is one of Humbert’s equations for a desmic quartic. The lines 
X=0, Y=0, Z=0 are bitangents whose points of contacts lie at the corners 
of the quadrilateral formed by the four lines 


It appears, then, that if we want the (1,2) transformation to give rise to a 
desmic quartic, it is not necessary for the cubic C, to break up into three lines. 


§ 4. Derivation of the (1,2) Transformation from Eight Associated Points 
and vice versa.* 


Let a point P whose coordinates are (X, Y, Z) relative to a fixed triangle 

in a plane EL be made to correspond to a quadric surface whose equation is 

X8S,+YS,+Z8,=0, (1) 
where S,, S,, S, are of the second degree in the homogeneous coordinates 
x,y, 2,t. As P varies, the quadric always passes through a set of eight 
associated points A,, A,,...., A,. 

Let the two generators through A, of the quadric corresponding to P 
meet a fixed plane M in two points Q, Q’ and consider the (1, 2) transformation 
by which P is derived from Q. As P describes a straight line, Q and Q’ describe 
a cubic curve; viz., the projection of the biquadratic common to a pencil of 
quadrics through A,, A,,...., d,. If a,,...., a, are the projections of 
A,,....+, A, on the plane M when A, is taken as vertex of projection, the net 
of cubics through a,,...., a, is the image of the net of lines in the plane EL. 
The points Q and Q’ come together when the quadric corresponding to P is a 
cone, and then by Hesse’s theorem the locus of P is a quartic curve which is 
the limiting curve L of the (1, 2) transformation. 





* The leading ideas of this section are due to Hesse, Clebsch and Frobenius. See the memoirs 
cited above. ; 
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If the quadric (1) is always the polar quadric of P with regard to a cubic 
surface S,, the eight associated points are the poles of the plane F with regard 
to S,, and Z is a plane section of the Hessian H, of the cubic surface. Now, 
when the equation of S, is written in Sylvester’s canonical form (ax)*=0 of 
the sum of five cubes, the equation of H, is (1/az) =0, and it appears that 
any plane section is a Liiroth quartic. 

The Liiroth quartic can be derived by Hesse’s method from eight associated 
points which are the poles of a plane with regard to a cubic surface.* 

The condition to be satisfied in order that three quadrics through eight 
associated points may be polar quadrics of three points with regard to a cubic 
surface is discussed by Téplitz.t The invariant A must vanish.{ It appears 
that neither the cubic surface nor the three poles are uniquely determined 
when A=0. The plane of the three poles and the five planes associated with 
the canonical form of S, osculate a twisted cubic.§ Dr. Coble has shown, with 
the aid of Toplitz’s invariant, that when six of the eight points are given, the 
other two lie on a quartic surface. 

To deduce an equation for Liiroth’s quartic from Frahm’s result, we take 
four poles of the plane E as vertices of the tetrahedron of reference. If, now, 
the equation of the cubic surface is 


(a, b, C, a, h, 9; h, k, l, M, U, A, V, B, W,Y,P, 497%, s{a, Y; &, t)§ — 0, 
the polar planes of the corners of the reference tetrahedron coincide with the 
plane X+Y+2Z2+7=0, if 
aexi=a b= 4, mab= f=, h=g=¢=®@, ex Bry=d 
The equation of the polar quadric of an arbitrary point (X, Y, Z, T) of this 
plane is now found to be 
X[(s—p)yz+ (a—q)exu+ (a—r)xy+ (a—d) xt + (r—d) yt + (q—d) et] 
+¥[(b—p)yz+ (s—q)ex+ (b—r) xy + (r—d) xt + (b—d) yt + (p—d)et] 
+Z[(c—p)y2+ (c—q)2x+ (s—r)xy+ (q—d) xt + (p—d) yi+ (c—d) zt] = 0. 
This represents a cone if 
[X(s—p) +¥(b—p) + Z(c—p) ]* [X(a—d) +¥(r—d) +Z(q—d) }# 
+ [X(a—q) + ¥(s—q) +Z(c—q) ]* [X(r—d) + ¥ (b—d) +2 (p—d) ]# 
+ [X(a—r)+Y¥(b—r) +2 (s—r) ]? [X(q—d) + ¥ (p—d) + Z(e—d) ]* = 0. 





* W. Frahm, Math. Ann., Bd. 7 (1874). 
+ Math. Ann., Bd.11. See also H.S. White and Miss K,G. Miller, Bull. Amer. Math. Soc., Vol. XV 
(1909), p. 347. 
$ Cf. Salmon’s “Geometry of Three Dimensions,” 4th edition, pp. 209-210. 
§ A. C. Dixon, Proc. London Math. Soc., Ser. 2, Vol. VII (1909), p. 150. Téplitz, loc. cit. 
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Hence, this is an equation for a Liiroth quartic. The six lines obtained by 
equating the square brackets to zero are bitangents of the curve. 

The tangent plane to the quadric (2) at the point X = Y= Z=0 or A, 
is easily found to be +Y set oad = 0, where F= (a—d)2*+ (b—d)y’ 
+ (c—d)2?+2(p—d)yz+2(q—d)zx+2(r—d)xy=0; and this is the polar 
plane of (X, Y, Z, 7) with regard to the quadric cone F = 0. 

Hence, if we make the plane M the same as LE, it appears that the point P 
corresponds to the two points Q, Q’ in which its polar plane with regard to the 
cone meets the section of its polar quadric with regard to S,. 

Let C, be the section of the quadric cone and C, that of the cubic surface S, 
by the plane HL; then the tranformation is clearly derived from C, and C, by the 
method of § 2. The seven base points a,, a,,...., @, consequently have the same 
polar lines with regard to C, and C,; hence, we have the following theorem: 

If we project from one of the eight poles of a plane with regard to a cubic 
surface, the other seven poles project into seven points which have the same 
polar lines with regard to a conic and a cubie. 

Taking each of the eight poles in turn, we find that there are eight Aron- 
hold systems of bitangents of a Liiroth quartic which possess the property of 
being the polar lines of seven points with regard to a conic and a cubic. Weare 
not justified yet in asserting that every Aronhold system of bitangents possesses 
this property. 

To obtain a set of eight associated points A,,...., A, when a,,...., a, 
are given, we proceed as follows: It is known, that eight associated points are 
the vertices of two tetrahedra which are self-polar with regard to a quadric.* 
Consequently, if one of these tetrahedra be chosen as tetrahedron of reference, 
the coordinates of the vertices of the other can be represented by 

(Ly, Yry 215 bi), (Xe, Yor Sey be), (Xe Ygy Sey by)y (Way Yay Say ba), 
where the relations of the type 
UXL,L,+VY,Y, + We, 2, + kt, t, =, (rs), 
are satisfied. By using the known properties of an orthogonal matrix, we may 
deduce from these six relations of the type 
34,01, = 30,44, =3a,2,t, = 3a,y,2,=3a,e,0,= 3 4,2,y,=0. 

Now let t=0 be the plane containing the seven points a,, ...., a,, and let 
three of these points be at the corners of the reference tetrahedron. The 
coordinates of the other four may then be represented by 





* Hesse, “ Analytische Geometrie des Raumes” (1861), 3d edition, Leipzig (1876), p. 214. 
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(71, YM» %,9), (2g, Yas yO), (By, Yes 2,0), (Bey Yar &5 0). 


When these are given, our six equations determine the ratios of (a,, a, a3, a4) 


and of (t,, t,, ts, ¢,) uniquely. Hence, when a,,...., a, are given, we can 
calculate Frobenius’ irrational invariants for the associated quartic curve, and 
if we know the relation between a,,...., a, for a particular type of quartic, 


we can (theoretically) find the corresponding relation between the eight 
associated points. 


§5. Derivation of a (1, 2) Transformation by Mapping the Chords 
of a Twisted Cubic on a Plane. 


Let the polar planes of a point P with regard to a pencil of quadrics meet 
inaline/, This line meets a given quadric S in two points Q, Q’ which may 
be said to correspond to P. If, moreover, P is restricted to lie in a certain 
plane X, there is generally only one position of P for a given position of Q, 
for the polar planes of Q with regard to the quadrics of the pencil intersect in 
a line / which meets X in P. There is consequently a (1, 2) transformation 
between the points of the plane X and the points of the quadric S. If P moves 
along a straight line, the corresponding line / generates a quadric surface which 
meets S in a biquadratic C,. This curve C, passes through six fixed points 
A,,...-, 4, on S, viz., the points in which S is met by the twisted cubic K, 
which is the locus of the poles of X with regard to the quadrics of the pencil. 

If now we project the points of S on a plane Y, taking A, as vertex of 
projection, the biquadratics C, project into cubies through seven fixed points, 
viz., the projections of A,,...., A, and the two points where the generators 
through A, meet Y. 

The two points Q, Q’, and consequently their projections on the plane Y, 
come together when the line / touches S; and then the locus of P is a quartic 
curve L, the limiting curve of the (1,2) transformation between the two planes 
X and Y, or between X and S. The twenty-eight bitangents of Z are derived 
from the six points A,,....,A,, the twelve generators through these points and 
the ten pairs of plane sections of S which pass through the six points. The curve 
on S which corresponds to Z is the intersection of S with the Weddle surface 
which is the locus of the vertex of a quadric cone through 4,,....,A,; for Geiser* 
has shown that this surface is also the locus of a point Q such that A,,...., 
A,, Q, Q’ form a set of eight associated points. Now, this is what happens in 
the present case; for when Q and Q’ coincide, the « ' lines through P correspond 





* Crelle’s Journal, Bd. 67 (1867). 
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to o! quadrics through A,,...., Az, Q, Q’, and since S also passes through 
these points, it follows that the eight points form an associated set. 
To find the equation of Z, we shall suppose that the pencil of quadrics is 
given by the equation 
(a+Aa)a*+ (bD+A)y?4+ (C+A) 224+ (d+A)#?=0, 
where 2 is a variable parameter. If (X,Y,Z,7) are the coordinates of P, 
the line common to the polar planes of P has coordinates proportional to 


(b—c)YZ, (c—a)ZX, (a—b)XY, (a—d)XT, (b—d)YT, (c—d)ZT 
and generates a tetrahedral complex. The condition that this line should touch 


the quadric S is of the fourth degree in X, Y, Z, 7. If, in particular, the 
equation of S is 
lr? + my?+ne?+ pi? =0, 
the condition is 
Lp(b—c)? ¥?Z* + mp(c—a)?Z? X? + np(a—b)? X? Y? 

+ mn(a—d)? X?T? + nl(b—d)? ¥?T? + lm(c—d)? Z*T? = 0. 

If 
=(a—b) (a—c)(a—d), m=(b—a) (b—c) (b—d), 


n=(c—a) (c—b) (c—d), p=(d—a) (d—b) (d—c), 
the equation becomes’ | 
(b—c) (a—d) (Y? Z? + X?T?) + (c—a) (b—d) (2? X? 4+ Y?T?) 
+ (a—b) (c—d) (X° ¥? + Z°T?) = 0, 
and represents a desmic quartic surface. The curve L, being a plane section 
of this surface, is a desmic quartic curve. 
If in the general case the equation of the plane X is 
Ex+nytoe+ri=0, 
the equations of the twisted cubic K, are 


hs 
ata’ bt+ta’eta' d+)’ 
where 4 is a variable parameter. Taking two points on the cubic with 
parameters A and uw, we see that the coordinates of the line joining them are 
proportional to six quantities of the type 

ae (d—a)Er 

* (a+A)(a+u) (d+) (d+) ° 





e:y:e:t= 





Comparing these with the coordinates of the line /, we see that this chord of K, 
is the line / corresponding to a point P with coordinates (X, Y, Z,7') of type 
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+. (a+A) (a+) 
& (a—b) (a—c) (a—d)’ 
and this point lies in the plane X. Hence, a point P in the plane X corresponds 
to achord of the twisted cubic K,. A tangent of the twisted cubic corresponds 
to a point P, of a certain conic C, obtained by putting 4= 4 in the above 
equations. If a point P moves along a tangent to C,, the corresponding chord 
1 always passes through a fixed point on K,. Hence, a point on K, is associated 
with a tangent to C,, the chord joining two points on K, with the point of inter- 
section of the two associated tangents. 

It is now evident that the six bitangents of L which correspond to the 
points A,, A,,...., A, are tangents to the conic C,; they therefore form a 
Brianchon set. 

It should be noticed that the polar planes of a point on K, with regard to 
the pencil of quadrics meet in a line which lies in the plane X and touches the 
conic C,, this is why A, corresponds to a line and not to a single point. An 
interesting theorem may be obtained by considering the case when the chords 
joining five points on K, all belong to a quadratic complex R,. It is clear 
from the expressions for the coordinates of a line J that the points in the 
plane X corresponding to these chords all lie on a quartic curve C,. Now, 
these points are the ten points of intersection of five tangents to C,; hence, it 
follows that the curve C, is a Liiroth quartic. Making use of the fact that 
there are «!' pentagons circumscribed to C, and inscribed in C,, we obtain the 
following theorem: 

If a quadratic complex R, and a twisted cubic K, are such that a set of 
five points can be found on K, whose joining lines all belong to R,, then wo! 
such sets of five points on K, can be found. 

There is a similar theorem for a complex of degree m and sets of 2n+1 
points on a twisted cubic. It should be remarked that the quadratic complex R, 
can not degenerate into the complex of tangents to a quadric surface; for 
a quadric surface can not touch the ten lines joining five distinct points. We 
have no reason to believe, however, that the complex is of a special type, for 
I have not yet succeeded in finding a relation between its invariants.* It is 
clear that, if one set of five distinct points can be found whose joins belong to 
a quadratic complex, there are at least «0% others; for we may take any one of 
the oo 2 twisted cubics on the five points, and there will be «! sets of five points 
situated thereon. We can expect that there are «° such sets of five points. 








* In the dissertation I suggested that the quadratic complex may be of a special type and contain 
«* sets of five points whose joins belong to the complex. 
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If we reciprocate with regard to one of the fundamental linear complexes 
of R,, we find that when sets of five points exist whose joins belong to R,, 
there are also sets of five planes whose lines of intersection belong to R,, and 
the sets of points and planes are equally numerous. 

It is evident, from what has gone before, that if we reciprocate with regard 
to one of the quadrics of our pencil, the points on the Liroth quartic C, corre- 
spond to the planes joining some point on K, to the lines joining the different 
pentads of points on K,. Now, these lines generate a ruled surface R, having 
K, as a fourfold curve, and our theorem tells us that the tangent cone to R, 
from any point of K, is the reciprocal of the Luroth quartic C, with regard to 
some quadric of the pencil. It can also be shown that any plane section of R, 
can be derived from C, by a suitable quadratic transformation. Let Y be the 
plane of the section; then the transformation under consideration is obtained 
by finding where the line / corresponding to a point P in X meets Y. Now, if 
S, S’ are two quadrics of the pencil, there is a correlation between P and the 
line p in which its polar plane with regard to S meets Y; similarly, there is a 
correlation between P and the line p’ in which the polar plane with regard to S’ 
meets Y. If p and p’ meet in Q, there is a quadratic transformation* which 
sends P into Q. The base points in the plane Y are the points where this 
plane meets K,. 

We shall now make further use of this quadratic tranformation. Let 
A,, Ag, .-.--, Ag be six arbitrary points on K,. The lines joining them corre- 
spond in X to the points of intersection of six tangents to the conic C,, while 
they meet the plane Y in fifteen points lying on the section of the Weddle sur- 
face having A,,...., A, as nodes. ‘This section is a quartic curve which also 
passes through the three base points in which K, meets Y. The quadratic 
transformation consequently sends it into a quintic curve C’, with three nodes, 
and this quintic passes through the fifteen intersections of the six tangents to 
C,. Now, Darboux has shown that when a quintic C,; and a conic C, are such 
that a set of six tangents to C; intersect in fifteen points lying on C,, there are 
co! such sets. Transforming this theorem, we are led to the conclusion that 
there are «' sets of points B,,...., B, on K, whose joining lines cut out 
a configuration of fifteen points on a plane section of the Weddle surface 
having A,,...., 4, as nodes. This result has been known for some time.t 

It should be noticed that the correspondence between a point P of the 
plane X and a chord / of the twisted cubic K, enables us to map the Weddle 








* T. Reye, Zeitschr. fiir Math. u. Phys., Bd. 11. “Geometrie der Lage,” 3d edition, Part IT, § 25. 
+ H. Bateman, Proc. London Math. Soc., Ser.2, Vol. III (1905), p. 288. F. Morley and J. R. Conner, 
AMERICAN JOURNAL OF MATHEMATICS, Vol. XXXI (1909), p. 263. 
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surface W on a plane by making P correspond to the pair of points in which 
1 meets W. The x® plane sections of W are then represented by trinodal 
quintics which pass through the fifteen intersections of six tangents to the 
conic C,. 

The result that there are o* trinodal quintics through the fifteen points 
is unexpected, as the method of counting constants suggests only 0% The 
result may, however, be verified as follows: Let x:y:2=1:6:6? be the 
parametric representation of the conic C,; then, if a,,a,,...., a, are the 
parameters of the points of contact of the six tangents, and 8,, 8,, 8, are 
three arbitrary parameters, the equation 


TI (6 — a,) . See) 
(6— B,)? (6—B,)? (0-2)?  (@—B,)? (@— B:)? (@— By)” 


in Darboux coordinates (0,¢) represents a quintic curve* which passes through 
the fifteen intersections of tle tangents to C, at the points a,,...., a, and has 
double points at the points of intersection of the tangents at the points 
B, Bos-By-t 

The theorem can evidently be generalized as follows: 

There are o” curves of degree 2n—1 which pass through the n(2n—1) 
intersections of 2n tangents to a conic, and have double points at the $n(n—1) 
intersections of n tangents to the conic. 

Let us next consider a set of five points B,, B,,...., B; on the curve Ky. 
If J is any chord of K,, the twisted cubics that pass through B,, B,,...., B; 
and meet / generate a surface of the fifth degree S,; having AK, as double curve. 
This surface has been discussed by Clebsch,{ who shows that it can be repre- 
sented on a plane in such a way that the images of the plane sections are 
Liiroth quartics passing through a fixed point 7’ and the ten intersections of 
five lines. The surface S; meets a plane Y in a quintic with double. points at 
the three base points in which A, meets Y. This quintic I, contains a configu- 
ration of ten points which lie by threes on ten lines, viz., the points where the 
joins of B,,...., B, meet Y; for, since B,,...., B; are triple points of S,, 
the lines joining them lie entirely on the surface. 

The quinticT, is transformed by our quadratic transformation into a Liiroth 
quartic C, passing through the intersections of five tangents$ to the conic C,. 











* Cf. Darboux, loc. cit. 

+ Cf. A. C. Dixon, Quarterly Journal, Vol. XXVI (1893), p. 212. 

{ Math, Ann., Bd. 1 (1869), p. 253; Bd. 4, p.249. See also Sturm, Geometrischen Verwandtschaften, 
Bd. 4, p. 315. . 

§ The fact that the ten points in which the joins of five points in space meet an arbitrary plane 
can be transformed by a quadratic transformation into the ten intersections of five lines, has been known 
to Dr. Morley for some time. 
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Now, since there are «0? configurations of ten points on C, which lie by fours 
on five tangents to C,, it follows that there are likewise «' configurations of 
ten points on I’, lying by threes on ten lines. Hence, any plane section of S; 
contains «01 configurations of ten points lying by threes on ten lines. 

If the plane Y passes through the line /, the curve T, breaks up into the 
line 7 and a quartic with a double point. Hence, we are led to the conclusion 
that a quartic with a double point can sometimes contain o! configurations of 
ten points lying by threes on ten lines. The corresponding Liiroth quartic has 
a double point. 

The skew cubic which generates S, cuts out a series of triads of points on 
[', which, together with the three base points cut out by K,, are all conjugate 
triads* with regard to a certain conic I,. Hence, any such triad of points 
lies on a conic through the three base points, and so transforms into a set of 
three collinear points on C,. These points are, moreover, collinear with a 
fixed point on C,, viz., the point corresponding to the line/. To see this, we 
have only to remark that any generating cubic of S, lies on a quadric through 
K,, and this quadric contains the line /, since it is met by it in three points. 
The conic through the base points which contains the triad of points cut out 
by this generating cubic consequently passes through the point in which / 
intersects Y, and so transforms into a line passing through a fixed point 7’ 
of the Liiroth quartic C,. 

When the generating cubic touches the plane Y, the associated line will 
touch the Liiroth quartic. Hence, the ten tangents from 7 to C, are derived 
from the ten generating cubics which touch the plane Y. Now it is clear that 
the ten points of contact of these cubics lie on the conic [,, and are in fact the 
ten points in which [, meets [;. Transforming this result, we find that the 
points of contact of the ten tangents from T to C, lie on a quartic curve with 
three bifleenodes which lie on C,. It follows from the plane representation of 
the surface S, that the point 7’ can be regarded as an arbitrary point on the 
Liiroth quartic C,; hence, we have the following theorem: 





































If tangents are drawn to the curve from an arbitrary point T on a Liiroth 
quartic, the ten points of contact lie on a quartic curve with three biflecnodes 
situated on the Liiroth quartic. The lines joining these nodes touch the conic C,, 
and form with the two tangents from T to C, a set of five lines intersecting in 
ten points on the Liiroth quartic. 





* T. Reye, “Geometrie der Lage,” Vol. I (1886), p. 225. A.C. Dixon, Quarterly Journal, Vol. XXIII 
(1889). G. Humbert, Journal de V Ecole Polytechnique, Cah. 64 (1894). © 
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It is clear that the three biflecnodes can be found at onee when 7’, C, and C, 
are known. The second part of the theorem follows at once when we consider 
the set of five points on K, consisting of the two points in which it is met by / 
and the three points in which it is met by Y. 


§ 6. Derivation of a Quartic Curve from a Quadratic Transformation 
between the Lines of a Plane. 

EK. Godt * and E. Timerding t have shown that the general quartic curve 
can be derived from a quadratic transformation between the lines of a plane 
by considering the locus of points which lie on their corresponding conics. { 
Let A, B,C; A’, B’,C’ be the two sets of fundamental points of the trans- 
formation, (&, 7, ¢), (&, 7’, ¢’) the coordinates of a line referred to these 
triangles; then a point whose equation is 


gEx+ny+tfz=0 


corresponds to a conic whose tangential equation is 
2 ,YyY, 2 
gts +a =O. 
a ae 


The point equation of this conic is 
Vaal+ Vyy' + Vee =0. 
Let 
e=—aet+byt+e2, y=aat+by+eaz 2 =a,xr+b,.y+ C2 
be the relations connecting the two systems of point coordinates; then the point 
(x, y, 2) lies on its corresponding conic if 


Va(aa+by+e,2) + Vy (a,%+ by + 2) + Ve (au + by + cz) =0. 
Comparing this equation with the equations obtained in §{§ 3 and 4 for the 


quartics of Liiroth and Humbert, we can easily find the equations of quadratic 
transformations which lead to these quartics. 











§7. Klein’s Quartic Considered as the Limiting Curve of a (1,2) Transformation. 
The general equation of a cubic through the seven points P, with coordinates 
ene", oe’, gee", aD i Se 4) - 
where e’ = 1, is 
E (a® — ye?) +n (y>—2a%) +E (22 —ay*) =0. 





* “Dissertation,” Gittingen (1873). Clebsch-Lindemann, “ Vorlesungen,” p. 1007. 

+ Math. Ann., Bd. 53 (1900), p. 193. 

¢ This method of generation and a number of others are included in a general scheme studied by 
Caporali, Memorie di Geometria (1888), and Segre, Annali di Mat. (2), t. 20 (1892). 
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Consider the transformation 
Xx Y _ 


(1) 








which makes a line §X +7Y+¢2Z=0 correspond to a cubic curve through 
the seven points P,. It is evidently a (1,2) transformation whose Jacobian 
is the sextic curve J = a y+ yz2+2%—32%y'?2?=0. 

To find the limiting curve of the transformation, we must eliminate (2, y, 2) 
from this last equation and the equations (1). We easily find that 


Xz+Yr+Zy=0, 
and J = 0 is equivalent to Xa?@y+ Yy’?2+ Z2*x=0; consequently 
_* 9%. 8 ~~ &2 8 
e(ve—y*®) a(ry?—2) y(y22?—2)’ eY @2Z. yX 





Hence, 
X?2 
x 
the equation of Klein’s quartic.* Hence, the limiting curve Z is a Klein quartic. 
The line joining the two points (wz, y, 2) corresponding to a given point 
(X, Y, Z) is represented by the equation 


y2 Z? ‘ 73 WV 8 — 
+7 + =, or X*°Z7+Y°X+ Z°Y =0, 


X2z2+VYu+Zy=0. 


There is evidently a correlation connecting this line and the point (X, Y, Z), 
which will be denoted hereafter by Q. If Q lies on L, the two corresponding 
points P are consecutive and the line joining them envelops the curve whose 
tangential equation is 
BC+ Gn +n°F =0. 

If P, P’ are the two consecutive points, P lies on the curve J, and the line P P’ 
may be called the principal direction at P. A curve which crosses J at P ina 
direction different from the principal one, corresponds to a curve which touches 
the limiting curve Z at Q.t For instance, a line which meets J in six distinct 
points generally corresponds to a rational cubic touching L in six distinct points. 

To find the equation of this cubic, we take the equation of the line in the 
form 


Eat+nytoz=0. (3) 





* Klein-Fricke, “ Vorlesungen tiber die Theorie der elliptischen Modulfunktionen,” Leipzig (1892), 
pp. 675, 678, 701. Math. Ann., Bd. 14 (1879), p. 428. Haskell, AMERICAN JOURNAL OF MATHEMATICS, 
Vol. XIII (1890). UH. F. Baker, “Multiply Periodic Functions,” p. 269, E.M. Radford, Quarterly Journal, 
Vol. XXX, p. 263. 

+ De Paolis, loc. cit. 
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This equation and (2) give 

A. ee: Lea eee. eee 

nX—C€Z OCY—EX ELZ—nY 
Now, Xy?+ Y2*?+ Za2?=0; therefore 

X(C¥—EX)?+¥ (EZ—nY)?+Z (nX—FZ)*=0 

is the equation of this cubic. The coordinates of the double point are evidently 
X=, Y=, Z=7; this point is evidently associated with the line (3) in the 
correlation already mentioned. 

A line (3) which passes through one of the base points P, corresponds to 
a rational cubic which breaks up into factors. One of the factors is the line. 

e’?Y+e’Z+e"X=—0, (4) 
associated with the base point P,; this line is a bitangent of LZ. The other 
factor is a conic 

e°” £2 X? + ey? Y? + ao Z* —_ (7? + 2 Ene”) re 

— (f+ 2nle") ZX — (H+ WEE) XY =O, 
which touches the quartic Z in four points. If the line passes through a second 
base point P,, the conic breaks up into a bitangent 

e@VY4te#Zt+ eX —0, 
corresponding tv P, and a second bitangent 
gt te eX gh Og TF 4 "SE = 6. 
Since 
Ee"tye’ tle =0, Ee+ne*+Ce%*=—0, 
the equation of this last bitangent may be written in the form 
‘(e* — e”)?X + (674 — e?”)?V + ete” (e** — &*”)?Z = 0. (5) 

The quartic curve Z has seven bitangents with equations of type (4), and 
twenty-one with equations of type (5). Other equations for the bitangents 
and quadritangent conics have been obtained by Klein. It should be mentioned 
that many writers have used a different system of coordinates in studying the 
properties of the curve.* 

A set of eight associated points in space from which Klein’s quartic may 
be derived by Hesse’s method, is easily deduced from our set of: seven points. 
If we take four of the points at the corners of the tetrahedron of reference, the 
other four points may be represented by 

(1, —6,1+06,20+1), (1+6,1,1,—1), (—6,—1,0,6+1), (0,1+6,1, 6), 
where 6= ¢? + e+ e° and consequently 62+ 60+ 2=0. 


* See, for instance, A. Wiman, Stockholm Bihang till Handlingar 21 (1895), N.3. A. B. Coble, 
AMERICAN JOURNAL OF MATHEMATICS, Vol. XXVIII (1906), p. 333. 
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§ 8. Reduction of the Equation of a General Quartic to a Special Form. 


Salmon* has remarked that the general quartic curve can be obtained as 
the locus of the poles of the tangents to a conic C, with regard to a cubic C,, 
or as the envelope of the polar conics of points on C, with regard to C,. 

Let «= 6?, y=20, e=1 be the parametric equations of C,; then the 
equation of the polar conic with regard to C, of a point on C, with parameter @ 
is represented by 

A=f (0) =@?S,+268,+S5,=0, 
and the envelope of the conic is the quartic curve 9 =S,S, — Sj = 0. 

If we use Darboux coordinates (6,@), where x=09, y=0+9, z=1 are 
the coordinates of an arbitrary point P and (6, @) the parameters of the points 
of contact of the two tangents from P to C,, it follows that the polar conic 
of P, viz., 

N =f (0,9) =0@8, + (0+) 8, +5, =0, 
passes through the poles of the two tangents through P to C, with regard to C,, 
and therefore the points of contact of the two conics f(#) =0, f(¢) =0 with 
their envelope Q. 

The conic N consists of two straight lines if P lies on the Hessian H of C,, 
and then the two lines intersect in the correspoding point P’ on H. The con- 
dition for this is that H (2, y, z) = 0, or H[69, 6+ 9,1] =0, where 7 is 
homogeneous and of the third degree. 

We are now led to ask the following question: Can we find three conics 


A=f(0)=0, B=f(9)=0, C=f(d) =), 

such that the points of contact with Q of each of the three pairs BC, CA, AB 
lie on two straight lines ? 

The question is evidently equivalent to the following: Can we find a triangle 
which is inscribed in H and circumscribed to C,? 

The answer seens to be that we can generally find two proper triangles of 
the required type. For, if we eliminate y from the equations 
by means of a determinant, using Sylvester’s method, we are led to an equation 
of the ninth degree in 6 and of the ninth degree ing. The first three rows of 
the determinant contain only 6; the last three rows contain only ¢. It is clear, 
then, that (@—¢)* is a factor of the determinant. Rejecting this factor, we 
are left with an equation of the sixth degree in 69, 6+ 9, 1, which, when 
written in the form F (2, y,z) =0, represents a curve of the sixth degree. 





* “Higher Plane Curves.” See also Gerbaldi, Rend. Palermo (1893) ; Ciani, Rend. Lombardo (1895). 
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The curves F =0, H=0 intersect in eighteen points, but these do not all 
give rise to proper triangles. If RS is a common tangent of F and C,, 
R being on F, and 7 is a point in which the other tangent from R to C, meets 
C;, RRT must be regarded as a degenerate triangle fulfilling the conditions,* 
and so # is one of the points of intersection of F and H. Since C, and H 
generally have twelve common tangents, there are generally twelve points of 
type Rf. 

The points of intersection of C, and H do not give rise to degenerate 
solutions in this case (cf. Clifford, loc. cit.). Since we have only accounted for 
twelve intersections by means of degenerate cases, we must conclude that there 
are six other intersections which give rise to two proper triangles fulfilling 
the conditions. This number agrees with the well-known result for the case 
when the cubic H consists of three straight lines.t Our argument is not quite 
conclusive; it would be more satisfactory if the algebraic work could be carried 
out in detail. 

There is an important exceptional case in which « ! complete quadrilaterals 
can be inscribed in H and circumscribed to C,. Darbouxt and Clifford § have 
shown, in fact, that if one complete quadrilateral is circumscribed to C, and 
completely inscribed in H, then o! such quadrilaterals can be found. This is 
to be expected, because a quadrilateral inscribed in H and circumscribed to C, 
gives four triangles fulfilling the conditions, and this is more than the proper 
number; consequently there must be an infinity of triangles. 

It will be convenient to call this exceptional case the case “ D,” and to refer 
to the special type of quartic which arises from it as a “D” quartic. It will be 
shown presently that this quartic is a desmic quartic. 

In the general case the result we have just obtained may be used to reduce 
the equation of the general quartic curve to the form 

l m nN 

UX YWiYo 4% 

Let us write x,x%,=f (9,0), y,¥.=f(¥, 9), 22 =f (6, ); we can then find 
constants a, B, y such that 





Ys Yo Ry Sy + BZ, 2X, Ly + YU Uy Y, Yo = S,S, — Sj. 
To see this, let us put S,=1, S,=t, S,=#*; then the above identity holds if 





* Cf. Clifford’s proof of Poncelet’s theorem, “Math. Papers,” p. 17. Clifford makes a few remarks 
on the present problem, but arrives at a slightly different result. 

+ Salmon’s “Conic Sections,” p. 273. The reciprocal theorem is given. 

t Loe. cit. 

§ “Math. Papers,” p. 205. 


48 
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a(t+6)2 (t+) (t+) +B (t+)? (t+) (+0) +y (+9)? (t+6) (t+0) =0. 


Now, this equation can be satisfied by putting 


ee SO 
gq—v Y—O0 O6—-¢’ 
and it is easy to verify that we have identically 
(P— WV) Y,Yo2%1 2 + (Y—4) 2, 2,4, %, + (O—$) 2, 2,41 Ye 
= (9—%) (¥— 9) (8—¢@) (S,S, — S41). 


Hence, the equation of the general quartic curve can be expressed in the form 


(P — WY) Wi Yo 2 + (W— 9) 22,4, % + (O—) 2 XY, Y, = 9. 
If we change the arbitrary constants in 2, y,z2,, the equation may be written 
Y,Y,2,2, + Z,Z_X,X, + X, X,Y, Y,=0. 
It is clear that the quartic curve passes through the four points of intersection 
of two pairs of lines such as X,X,=0, Y,Y,=0, and that the three pairs of 
lines give rise to twelve points. 
The conics A, B, C now have the simple equations 
Y,Y,+2,2,=0, 2,2,44,4,=0, 4,4,+ 7,7,=%, 
and it is easy to verify that each of these conics touches Q in four points. 

It should be noticed that the four points in which A cuts X,X,=0, the 
four points in which B cuts Y,Y,=0, and the four points in which C cuts 
Z,Z,=9, all lie on the conic 

X,X,+ Y,Y,+24,27,=0. 
This may be written in the alternative forms 
7 2 
o—v 
(65 —36,0,) S, —206,8, + (of —30,) S, =), 





YY Bie _ 
2 a 


where 


61,=0+O+%, %=O4+90+09, 6,=094. 
§ 9. Configurations of Sixteen Points Inscribed in a Quartic Curve of Type D. 


If, in the case D, 0, 9, y, y are the parameters of the points of contact 
with C, of the sides of one of the quadrilaterals, we have six pairs of straight 
lines: 


x, x, =f (o,v) =0, WY=f (¥, 6) =0, 2,2, = f (0,9) =0, 
u,u, = f (9, x) = 0, Vv, V0, =f (%,%) = 0, w,w,=f (vy, x) = 0. 


The equation of the quartic curve may be thrown into the forms 
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(P—Y) Ys 1% +(¥—O4) 2,2, %,%, + (9—%) a myy, =O, 
(p—) 0, 0, W, W, + (YW — ZX) W, W, 4, X+ (XY —) U4, V,¥, =D, 
(p — 8) w, wy Uy Uy + (8 — 1) Uy Uy YY + (Z— VY) WY. W, W, = O, 
(6 — Wp) u, U,V, V, + (P— YX) V1, 2% + (y— 9) 2,2uU,u =), 
or into the form 
AL, Ly Uy Uy + MY; Yo V; Ve + V2,2,W,W, = 0, 
where A, u,v are subject to the relation A+u+2»=0, but are otherwise 
arbitrary. It should be noticed that 
(¢—?) (0—y) x, TU, Uy + (Y—6) (9-4) % Yx VY, V2 os (6—¢) (Y—x) &,W, WwW, = 0. 
It is clear that the quartic curve passes through the four tetrads of points 
in which the six pairs of lines U,U,, U,V,, W,W,, 7X, Y, Yo, 2% intersect. 
From what has gone before it appears that the three diagonal points of each 
of these tetrads lie on the Hessian H of the cubic curve C,, while the six pairs 
of lines touch the Cayleyan [, of this cubic. It should be noticed that we have 
the identities 
(p—) U, Uy, so (Y — 6) V1 V2 > (6—9) W,W, = 0, 
(¢—) U, Uy — (¢-—g) YY. + ()— x) 2,2 =0, 
(¥ — 0) vv, — (Y—x) @ 2%, + (6 — x) «x, =0, 
(0—p) w,w, — (0— YX) 2%, + (9— 7X) NY. = 9. 


Consequently we may write 
(yp —- 6) VV, + (P—X) WY (Y—x) &&, — (0 — 9) w,w, = L, 


(¢—) Uy Uy + (0— yx) L Lo (P—X) WY. — (¥— 0) v,v, = N, 
(0—) w,w, + (W— 4) %% = (O—Y) @, 2, — (@—Y) uu, = M, 


and the equation of the quartic curve takes the form 


A 2 Ne ——{ 72. «72 
eee Sea 


l 





+ o-ag—p MM) =% 
or oL?+pM’*?+cN*=0, where o+p+7=0. 
The conics L, M,N are so related that the equations 
M+N=0, NzbL=0, L+zM=0 
all represent pairs of straight lines; their equations must consequently be of 
the form 
L=RC+AD=0, M=CA+BD=0, N=AB+CD=0, 


where A, B, C, D are linear functions of the coordinates. 
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The equation of the quartic curve may now be written in the form 
o (B?C? + A? D?) + 9 (C? A? + B’D*) + t (A? B? + C? D*) =0, 
which shows that it is a desmic quartic, 1. €., a plane section of the desmic 


surface studied by Stephanos,* Humbert,t Schroeter} and others. 
It should be noticed that an equation of the form 


PW, Ly Uy Uy + YY, Yo V1 Vq + 1 2 2 W, W, = 0 


always represents a desmic quartic, for with the aid of the identical relation (1) 
we may reduce it to the form (2); we may also reduce it to the form 


FX, XU, Uy = GY, YoU; Ve; 


which indicates that the curve passes through the sixteen points of the configu- 
ration. Hence, there are 01 desmic quartics through these sixteen points. 


$10. A Quartic Curve with 0} Inscribed Configurations of Twenty-four Points. 


When the configuration of twelve lines touching the curve I is discussed 
with the aid of the parametric representation of this curve in terms of elliptic 
functions,$ it appears that the twelve lines can be divided into three tetrads 
such that the points of contact of the four lines of a tetrad lie on another 
tangent tol. The three new tangents obtained in this way meet in a point T, 
and so it appears that the configuration of points and lines is identical with 
one whose reciprocal has been studied by Hesse.j|| As the point 7’ moves along 
a straight line, the configuration of sixteen points derived from it with the aid 
of the curve I’, describes a desmic quartic. 

Caporali has shown that Hesse’s configuration of twelve points and sixteen 
lines is associated with a second configuration of the same type and that each 
configuration is derived from the other by the same construction. He has 
shown, moreover, that the two sets of twelve points lie on a quartic curve J 
which contains 7’ configurations of a similar type. This quartic is usually 
known as Caporali’s quartic and depends on eleven arbitrary constants. 





* Darbouw’s Bulletin, sér. 2, t. 3 (1879), p. 424. 

+ Liouville’s Journal, sér. 4, t. 7 (1891), p. 353. 

t Crelle’s Journal, Bd. 109 (1892), p. 341. 

§ Humbert, loc. cit. 

|| Crelle’s Journal, Bd. 36 (1848), p. 153. See also Durége, “Die ebene Curven dritter Ordnung,” 
Leipzig (1871) ; Caporali, “ Memorie di Geometria,” p. 338; Schroeter, Crelle’s Journal, Bd. 108 (1891), 
p. 269; J.de Vries, Acta Math., t. 12 (1888), p. 63; Martinetti, Atti dell’ Accad. Catania, ser. 4a, t. 3 
(1891) p. 20; S. Nakagawa, Proc. Tokyo Math. Phys. Soc., April, 1907. 

{| Acc. di Napoli Rend., Decemher, 1888, ““Memorie di Geometria,” pp. 336, 340, 349. Ann. di Mate. 
matica (2),.t. 20 (1892), p. 274. See also Ciani, Acc. di Napoli Rend. (3), t. 2 (1896), p. 126. The curve 
was first studied by Hesse as the Jacobian of a line, a cubic curve and its Hessian. 
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The two conjugate sets of twelve points are such that any quartet of one 
set and any quartet of the other set lie on a pair of lines. ‘Two sets of twelve 
points which possess this property generally depend on twelve arbitrary con- 
stants. In Hesse’s configuration some other condition is satisfied, and the nine 
pairs of lines through the quartets of points do not generally belong to a net 
of conics. 

We shall now obtain a type of quartic which contains 1! conjugate pairs 
of sets of twelve points with the above property and for which the nine pairs 
of lines do belong to a net. 

Going back to the leading ideas of § 8, we now consider the analogue of 
Darboux’s theorem that if the sides of a triangle A intersect the sides of a 
second triangle A’ in nine points lying on a given cubic curve H, and both 
triangles circumscribe a conic C,, there are o! pairs of triangles circum- 
scribing C, whose sides intersect on H. The quartic curve generated by the 
poles of tangents to C, with regard to a cubic curve C, having H as Hessian, 
will possess o ! inscribed configurations of twenty-four points, viz., the poles of 
the sides of two triangles A, A’, and these twenty-four points can be arranged 
into two sets of three quartets possessing the property mentioned above.* 
The lines containing quartets of different sets touch the Cayleyan LI, of the cubic 
and belong to the net of conics which includes all the polar conics of C,. 

To obtain an equation for our quartic curve, let us consider the case when 
one vertex of the triangle A’ lies on the conic; then two of the sides coalesce, 
and the sides of the triangle A touch H at points on a line. Now let (az?) =0 


be the equation of the cubic curve, (—) = 0 the equation of its Hessian, the 


notation being the same as in§2. The line x, =0 meets the Hessian at points 
on the lines x,, %,, , = 0, and the equations of the tangents at these points are 
respectively 


| 4,0,+4,4,=0, a,2%,+4,%,=0, a,2%,+4,2,=0. 
Now, these tangents meet the Hessian again at points on the line (ax) = 0, 
and so may be taken as the sides of the triangle A. The four lines whose 


equations have just been given and the line x, = 0 all touch the conic C,; also 
if (Yi Yoo Ys, Ys) are the coordinates of any point P on the quartic, the polar line 





* If we take two triangles whose sides intersect on H but do not touch a conic, the poles of their 
sides with regard to C, will form two sets of twelve points possessing the same property, but the twenty- 
four points do not generally lie on a quartic curve. This configuration clearly depends on twelve con- 
stants. I am inclined to think that there are two distinct types of configurations of twenty-four points 
with the above property. 
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of P with regard to the cubic, viz., (ay?x) =0, must also touch C,. Making 
use of the relation (x) =0O to get rid of x,, we find that the six lines touch 
a conic if 
A} Ay (Ay — Ag) (Ay Ag My + A, yg — Ag A, Ay — Ay MyM) Yj + Az A, (Ag —A,) (454, A, + A, A, A 
— Gy, My Ay — Ay My Ay) Y2 + 3 A, (4, — Ay) (A, A, Ay + A, Ay Ag — Ay Ag A, — Ay A, Ay) Y3 
+ Gy My Mg (A, — Ag) (Ag Mg Ay + Ag Ay Ay + A, Ay Ay — A; Ay Ag — 2 A, a4) YZ Y3 
+ A, My Ag (Ag — ,) (Gy Oy Ay + Ay A, Ay + A, Ay A, — A, Uy Ag — 2 Ay A4) YZ Yj 
+ G, Ay As (4, — Ay) (Ag Ag Oy + Ag Ay Ay + A, Oy Ay — A, Ay Ag — 2 Ag AG) Yt Yd 
= A, Ys [AT Y{ (Az — Ag) (Ay Oy Oy + A, Uy My — A; Ay Uy — Ay A, A) 
+ 3 Ys (Ag — A) (dg A, Ay + Ay Ay Ag — A, Ay Ay — Ay Ay Ay) 
+ a3 Ys (A, — Ay) (4, 4, Ay + A, My Az — Ay My A, — A, 4, a,) J. 
It is clear from this equation that the curve passes through the vertices of the 
triangle y, y,y3 = 0, through the four points given by a, yj = a, y; = a, y3 and 
through a second set of four points given by equations of the type c, yi = ¢, y3 
= ¢,y3, the two sets of four points being situated on a conic whose equation 
is obtained by equating to zero the expression within the square brackets. 
It appears from the equation that a quartic of the present type depends on 


eleven arbitrary constants. 














On the Continuity of a Lebesgue Integral with Respect 
to a Parameter. 
By J. K. Lamonp. 





Introduction. 


Let f(x,y) be a function of two variables defined over a limited, two- 
dimensional, measurable point set which may be denoted by 2%. Let 8 be the 
projection of f on the X-axis, and through each point 2 of 8 let an ordinate 
be erected. Each ordinate cuts a section © (2) out of 2. When no confusion 
can arise, we denote this section simply by ©. If each © is measurable, and 
f(x, y) is L-integrable in the sense of Professor Pierpont,* the resulting 
function 

J (%) =Scf (%,y)dy 
is a function of the parameter x. In the present paper I give sufficient con- 
ditions that 
im J (&) = fea f (A, y) dy, 
and consequently that J (x) be a continuous function of x in B. 

It is understood that the integral signs used denote L-integrals. In case 
a Riemann integral is used, the sign of integration will be prefixed by the 
letter R. 

The upper measure of a point set 2% will be denoted by the symbol meas. 2 
or If, If & is measurable, its measure will be denoted by meas. 2 or I. t 


§1. Proper Integrals. 


THrorEM 1.¢ Let O<f<WN be L-integrable in measurable UX, and let %, 
be the points of XU at which f>x. Then 


Saf =RB SP U,dx. (1) 
EKffect a division of the interval (0, N) of norm d by interpolating the 
points x,,%),----)%,—;- For uniformity let x,=—0andx,—N. Corresponding 





* “Lectures on the Theory of Functions of Real Variables,” Vol. II, §380. These will be referred 
to as “ Lectures.” . 

{ This is the notation adopted in “ Lectures,” Vol. IT. 

{ This theorem is similar to one given by W. H. Young in a paper “On the General Theory of Inte- 
gration,” Phil. Trans., Vol. CCIV (1905). 
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to these points, we get the sets U,,, %.,, ...-, XU, each of which is measurable, by 
“Lectures,” Vol. II, §§ 424 and 408, 2, and each of which contains the following 
ones. The sets (U.,—Wx,), (We,—We,), «++ +> (Ax, —Ax,) are all measurable ; 
and meas. (Wx, —Wk,4,) =9,—Tertrs (c=0,1,2,....,—1), by “Lectures,” 
Vol. II, $ 352, 2. 

But obviously any lower summation < the L-integral of f over &< any 
upper summation. Hence, 


0 - meas. (x, —Wx,) +, - meas. (W%.,—W.,) +....+%,_,° meas. (W._.— A.) 
SfafS 
x, > meas. (,,—%Xx,) +, ‘meas. (W.,—U,) +....+x, ‘meas. (2, —U,.). 
Hence, removing the parentheses, we have 
1 I + (x, — %,) Tl +....+ (%,_1 — Xn—2) We —%*,-4 I. 
| S fu f < 
x, I, + (x, — %,) I +....+ (%, —%,—1) We — 
Noticing that I. = 0, this may be written 
© Guts =) Ris < fu f <E (eu — x,) Tn . 
Let now d=0, and we have 
| RX, de< fa f <BR SYU, dx. (2) 
But since 2, is a limited, monotone function of x in (0,N), it is integrable. 
Hence, (2) gives (1). 
Corotuary 1. Let M <f <0 be L-integrable in measurable MU. Let XU’. be 
the points of X at which f<x. Then 7 
Suf =R fy XU, dx. 
Corotuary 2. Let f be an L-integrable function of both signs in measur- 


able U, such that M<f<N. Let U, be the points of UX at which f >x, and XU; 
_ be the points of % at which fSx. Then 


Saf = RSH dx +t RB S¥H, dx, (1) 
= fo, dxt fX U, dx. (2) 


Let the points of & for which M<f<0 be A, for which 0<f<WN be B, 
and for which f=0 be C. By “Lectures,” Vol. II, $$ 428 and 408, 1 and 2, 
A, Band C are all measurable. Hence, A —C is measurable. &=(A—C)+B 
and meas. 2 = meas.(4—C) + meas. B. Therefore, by “Lectures,” Vol. II, 
§§ 372 and 390, 2, 


Suf = fa_cof + Sz f. 
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But by “Lectures,” Vol. IT, § 401, 
Sac f= Sa f 


These relations, with the results of theorem 1 and corollary 1, give (1). We 
get (2) from (1) by referring to “Lectures,” Vol. II, § 381, 2 

THeorEM 2. Let A bea proper limiting point of 8. Let M<f<N be L-inte- 
grable in each ©, © measurable, in some V;(A),* and let g(y) be L-integrable 
in measurable © (A). Let the points of © (A) at which ay) <x be >, and at 


which g (y) 2x be $,. Let G’ converge uniformly t+ to %, in (M,0), and let G, 


converge uniformly to ?, in (0, NV), along the section x=A, except possibly for 
the points of a null set MN of values of x. Then 


fim Ss@fdy =JSewmg ly) dy. (1) 
For by theorem 1, corollary 2, 
Sef dy = Sa Cidxt fi, dx, 
for « in V;(4). Pass to the limit x = A, and we have 
lim fou f dy = lim [4 6; dx + §2°6, de]. (2) 


Let D=f*6,dx —§* >, dx, 


for « in V;(A). For any x in V;(A) and for any x, G, and ?. are both less 


than or equal to A, where A is the projection of 2% on the Y-axis. Choosing 
e > 0, small at pleasure, we may enclose the points of (0, N) belonging to 


in a set of non-overlapping intervals Bb, such that Be< a . Let the remaining 
4A 





* V5(A) denotes those points of 8 lying in the interval (a—3, ny +5)» and is read vicinity of X, 
of norm 6. This is the notation used in “Lectures.” (See Vol. I, § 250.) 


+ See “Lectures,” Vol. I, §561. In this particular case, if, for each e>0, there exists a 5>0, 
such that a a 
| @'«x—o'x | <e (1) 


for each x in V5(A), and for every «x in (M, 0), we say that 6’ converges to 'k uniformly along the 
section ©=wX. 

If N is a null set of values of x lying in (J/,0), there exists a division of (M,0) into two sets of 
intervals, A and B, such that A contains no points of % and the sum of the lengths of the intervals B is 
as small as we please. If for each e >0, and for any A, there exists a5>0, such that (1) holds for each 


z in Vg(A), ‘and for every x in A, we say that xs « converges to e's uniformly along the section =x 
except for the points of N. Tf é x converges to 6’ «(A) uniformly along the section a=, except for the 
points of N, we say that 6’ is a uniformly continuous function of « along the section a= except for the. 
points of N. If 6's is a uniformly continuous function of 2 along each section x=) of ¥, except for the 


points of Jt, we say that Cx isa uniformly continuous function of « in 8 except for the points of N. 
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parts of (0,N) be A. Then 


D a=if, [©, — 9] dx+JSp ee dx. 





Hence, 








[D}<| Sai +1 Sel. (3) 


But the second part of the right-hand member of (3) is less than On the 






other hand, by hypothesis, 





— Tass 
|G. — Oe | < 5a 





for x in V;(A) and x in A. Hence, the first part of the right-hand member 





of (3) is less than - Hence, | D|<e, for xin V;(A). Similarly, 





|D'| =| fg Cdx—figidx| <e, 





for xin V;(A). These results, with (2), give 


var Sew fdy =JSu onde + So oe Ax = Seog (y) dy, 





by theorem 1. 





Corotuary 1. Let f be L-integrable in each ©, © measurable, in 8. Let 






~ a 
~ lon 


© and ©, be uniformly continuous functions of x in B, except possibly for a 
null set N of values of x. Then 


J(“)=Sefdy 













is continuous in &. 

Example 1. Let f be defined over a set %, which lies in the rectangle 
0,0; 1,0; 0,2; 1,2, as follows: 
* 


1 m 
for += —., y=P, 


n q 
= xy for ==, O<y #7 <1, 


= x[y—1) for ~ irrational, LSy #7 S2. 


Setting x = xy and solving for y, we have y = =e Therefore, 6. equals 1 — > 


for x<, and equals zero for x > x, where x is rational; that is, of the form 


~. Setting x = x(y—1) and solving for y, we have y ==— 1. Hence, CG, 














* All fractions, here and elsewhere, are supposed to be irreducible. 
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x x : 
equals a aaa = 3 ie for x<a, and equals zero for x > 4, where 7 is 


irrational. Thus 6, is a uniformly continuous function of x for any x, and 
hence, J (x) is continuous in 8 = (0,1). 
Example 2. Let f be defined as in example 1 for « rational. For x 
2 2 
irrational, and 5 SyS5t, Iet f= ny — >. Let «= ay — >. Then 
__ ss x Re x x aN eS 
= at 8? and ©, equals 5 + 1 — (; + 5) =] ae for x< a, and equals 


zero for x >. Hence, J (x) is continuous in 8, as in example 1. 


§ 2. Improper Integrals. 


THEOREM 3. Let A be a proper limiting point of 8. Let the improper 
L-integral* of f over each ©, © measurable, exist and converge uniformly t in 
some V;(A), and let g (y) be improperly L-integrable in measurable © (A). For 
any arbitrary but fixed values of a, B, suchas a,b, let the points of ©,, (A) at which 


g(y) <x be d,,,, and at which g(y)>x be Pav,x- Let Cas, « converge uni- 
formly to Pav, in (—a,0), and let oo converge uniformly to Par, x in (0, db), 


along the section x =A, except possibly at the points of a nal set N of values 


of x. Then | 
lim Scmf dy=Sew gy) dy. 


For any « in V;(A), ©,, is measurable. Hence, by theorem 2, 
lim fo,, FAY = Seasa 9(y) dy. (2) 
By “Lectures,” Vol. II, § 146, passing to the limit a,b =o in (2), we get (1). 


Corotuary 1. Let the improper L-integral of f over measurable © con- 
verge uniformly in 8. For any arbitrary but fixed values of a, 8, such as a,b, 
let ... and ., be uniformly continuous functions of x in B, except possibly 
for a null set N of values of x. Then 


J(%)=Jefdy 
is continuous in &. 


WESLEYAN UNIVERSITY, MIDDLETOWN, Conn., May, 1913. 





* The definition of an improper L-integral given by Professor Pierpont in “Lectures,” Vol. II, § 425, 
is here used. The modification of the notation there employed to meet our present needs seems obvious. 

+ The definition of uniform convergence for Pierpont improper integrals as given by me in my paper 
“Improper Multiple Integrals over Iterable Fields,” 7'ransactions of the American Mathematical Nociety, 
Vol. XIII (1912), p. 436, applies equally well to improper L-integrals. 








Geometry on Ruled Surfaces. 
By S. LerscHerz. 





1. The object of this paper is to prove a formula given by W. E. Story 
for the number of common points of two curves C, and C, of order a and b 


lying on a scroll S, of order u. He stated that 

| [C,C,] =ba+aB—pa, (1) 
where [C,C,] designates the number of intersections of the two curves Cand C,, 
a and @ the number of intersections of C,, and C, with an arbitrary generator 
S,. He gave the proof himself for u=2, 3, and F. B. Williams gave it for 
u=4,5.* Of the two proofs here given, one is based upon a classical work of 
Severi,+ the other is of a very elementary character. 

2. Before proceeding with our first proof, let us recall a few definitions 
introduced by Severi. Two curves C and D traced on a surface S will be called 
equivalent, and we shall write C=D, if there exists on S an algebraic system of 
curves containing them both totally. From this definition it is easy to pass 
to the meaning of AC =4’D, 4, 2’ being both positive integers, and finally to the 
meaning of >4,C,=0, the 4’s being integers. Severi proves that we can find 
on S,p curves such that between them and any other curve C on S there is 


always a relation of the type 
p 
aC+ $:4,C;50, 
l 


The numbers (A, 4,,...., 4,) are the characters of C with respect to the base 
(C,,C,,....,C,). He also gives the so-called Bezout Theorem for a surface 


by showing that if for D we have 
p 
uD+2u,C;=0, 
1 
then 


p 
1 : , 
cea kA u,[C;C,]. 


1 


In particular he states this for a scrollp=2. We shall prove this here, by 


*« Curves on Quintie Scrolls,’ AMERICAN JOURNAL OF MATHEMATICS, Vol, XXXIV (1912), p. 421. 


A complete bibliography is given there. 
} “Sulla totalita delle curve algebriche, Math. Ann., Vol. LXII, p. 124. 
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showing that, for S,, a base is found taking for C, a generator and for C, a 
plane section.* 

3. Let a=yuv—h, h<u, and let k be a positive integer. A surface of order 
kv going through k ‘curves infinitely near C,, that is to say, through kC,, has to 
satisfy at most k(aky-+1) conditions; and if it has to go through kh arbitrary 
generators of S,, it must satisfy at most kh(ky—ka+1) conditions, so that the 
number of linearly independent surfaces of order ky going through kC,, 
kh generators, and not containing S, as a part, is not inferior to 


Nie = (“7 (9 BF) kako +1) —kh (ky —ha+1) 


= [uo 2) tohle+...., 


the unwritten terms containing k to a power lower than 2. The coefficient of 
k? is positive if u>2. Hence, when k is above a certain limit, kC, has kh gen- 
erators for residual intersection. It is well known that for w=2, any curve is 
either a complete intersection or has a generator for residual intersection, so 
that the above is true without any restrictions. In the notation of paragraph 
2, we have, therefore, 
kC,+khC,—kvC,=0. 
As kC, and khC, are cut out by a surface of order ky and two arbitrary gene® 
ators have no common points, it follows that the ky intersections of a generator 
with the S,, will be on kC,, so that 
hasky; .°. a=, 
showing that the characters of C, with respect to the base (C,, C,) are (hk, kh, 
—ka). Similarly, C, will have characters (k’, k’h’, —k’B), with a=apu—h, 
b=6u—h’. We also have 
[C,C,] =0, [C, C,J)=1, [C,C,] =; 
hence, by Bezout’s theorem for S,, 
[C,C,] =—hB—W’'a+uaB = (a—ap) B+ (b—Bu)a+ uaB=aB+ba—naB, 

which was to be proved. 

4. The following proof is elementary. The coordinates of any point on a 
generator can be expressed thus: 

L,=M;—An,, (t=1, 2, 3, 4), 
where m,;=m,(&,, &, &) and n,=n,(&,, &, &) are homogeneous functions of 
the &’s of the same order p, 4 is an arbitrary parameter, while the &’s satisfy 
a relation f(&,, &, &;) =0, representing in their plane a curve of order m and 
same genus pas S,. Ifa curve C, meets an arbitrary generator in a@ points, 
it will be represented by an equation of the type 
DAV +9, A721 +, 477+ .... +9.=0, 
*In the paper previously cited, Severi refers the reader, for a proof, to his paper, “ Sulle corrispon- 


denze tra i punti,” Torino Memorie, Vol. LXIV. This being of difficult access, we give below our very 
simple proof for the sake of completeness. 
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the @’s being all homogeneous polynomials of same order a’ in the &’s. The 
curves ¢;=0 will have in the &-plane a certain number a’ of points in common 
with f=0. To find the order a of C,, we have to find the number of its inter- 
sections with a variable plane section: 

4 t 

1 1 


The result of the elimination of ~ between the equations of the two curves is: 


>: (D4, my)" (S14;7,)'=0, 
0 
of which we must find the number of variable intersections with f=0. If the 


curves f=0, m;=0, n,=0, (t=1, 2, 3, 4), have y common points, we have 
a= (a'+pa)m—ay. 
by M+, MOF... t¥5=0, 


where the W~’s are of order b’ in the &’s, represents a second curve C, of 
order b, we have 








If the equation 








b= (b’'+p8)m—By. 
We obtain [C,C,] by eliminating 2 between the equations of the two curves. 
This gives: 







Po Pi Pr --- 


0 Q Pi ---- 

i. 2 oe 6 
oo oD .... 
R(é,,6258;) = dy v, Re ncse =), 


i. on 
00 ¥,.... {4 
000.. 


which represents in the &-plane a curve of order (ab’ + Ga’) intersecting 
f=0 in m(ab’+ 8a’) points. From these we must deduce the points common 
to all the $’s or the Ws and f. A point of multiplicity 9 for all the 9’s and 
multiplicity r for f will count for 9r points in the intersection of f and 9¢,, 
and for 89r points in the intersection of f with R. A similar remark applies 
to the ys, so that finally: 
[C,C,] =m (Ba' +ab’) —a’B—B'a 

=B(ma’—a’) +a(mb’—’) 

=aB+ba—2(mp—y)af. 
In particular, if C, and C, are two plane sections of S,, we have a=b=u, 
a= B21. 
. (EC, C,] =4=2u—2(mp—y) ; .°. 2(mp—y) =u; .". [(C,C,] =ba+aB—uaf, 
and the proof is complete. 





























LINCOLN, NEBR., October 26, 1912. 














Restricted Systems of Equations. 
(Second Paper.) 


By Artuur B. Coste.* 


The following.is a continuation of a previous paper in this Journal.t In 
§ 3 incomplete restricted systems of defect one and two are considered, with the 
purpose of determining the index numbers of the residual M, and M,. The 
results suggest the formule for the index numbers of a composite spread made 
up of an M, and an M, with a common M,, where s <2, t<s. 

In $ 4 the “relative incidence numbers” of an M,,(y) on an M,(a) are 
defined. They are utilized to determine a new type of index number attached 
to M,(a), called the “residual index numbers.” In case M,(a) in S, is regular 
or in case M,(a) is an M,_.,(a), the residual index numbers can be expressed 
by means of the ordinary index numbers a. The new index numbers are 
employed also to obtain the solution of some particular cases of the more gen- 
- eral problems of the theory. 

Manifolds defined by matrices are considered in $5. A simple proof of 
Salmon’s formula for the order of a matrix is given; the formula for the genus 
of the curve defined by a matrix is derived; the third index number of the 
two-way defined by a matrix is determined, and all the index numbers of the 
manifold defined by the particular matrix with » rows and n+1 columns are 
obtained. 


§3. The Index Numbers of Residual Intersections and of Composite 
Manifolds. 


1. Given an M,(a) in S,, we have seen how the number, O,, of points out- 
side of M,(a) and common to » spreads on M,(a) can be determined in terms 
of the orders of the spreads and the index numbers a. This number is merely 
the order or first index number of the intersection residual to M,(a). Weare 
thus led to the following inquiry: Given »—s spreads on M,(a) n S,,s<r, 





* Written under the auspices of the Carnegie Institution of Washington, D. C. : 
+ Vol. XXXVI (1914), No. 2, pp. 167-186; referred to hereafter as “R.S.,” I. The numbering of 
sections and theorems in this paper is consecutive with “R. 8.,” I. 
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which meet in a residual M,(8) which cuts M,(a) in M,_,(y), how far can the 
index numbers £ and y, as well as the relative index numbers (ay) and (Sy), 
be determined in terms of the n—s given orders and the r+1 given index 
numbers a? For the particular case s=1 the answer to this is contained in 
the following theorem: 

(42) If n—-1 spreads in S, of orders 2,,....,a,—-, on M,(a) meet in a 
residual M,(8) which cuts M,(a) im M,(y) points, then B,+A,,=¢,_,, 
B,=rC,=rA,. The index numbers of a composite spread consisting of an 
M,(a) and an M,(8) with M,(y) common points are 

Djs byy ere ey hp oy py +Boy 4 +8,—(r+1) 7%. 
Let us recall that the symbol A, has been defined as follows: 
A; =4,+6,,0,+...-+4,6,,+09;, 
the o’s being the elementary symmetric polynomials in the given orders A. 
The B, and C; are similarly defined for the index numbers 6 and y. The 
formule given above determine 6,, 8,, and y,=(ay),=(@y), in terms of the 
orders 4 and the index numbers «a. 

According to [(24), “R.S.,” I] the theorem is true for r=1. Let us 

assume it to be true for all values of the dimension up to the given r. An 


n-th spread of order ~ on M,(a) determines O, points outside of M,(a). 
This number O, is AB,—y, or, from [(7), “R.S.,” I], is Ao,_,—(A,+44,_,). 
EKquating coefficients of the arbitrary order A, we find that 6,+A,_,=0,_, and 
C,=A,. Again, a spread of order u on M,(8) cuts M,(a) in M,_,(a’), which 
meets M,(8) in M,(y) points. Then M,_,(a’) and M,(@) together constitute 
a composite manifold M,_,(¢) which is a complete intersection, and O,_,—0 
=o, ,—E,,—uE,.. But according to (42), for the dimension r—1, E,_, 


=A; .+B,, and H,,=A;,+B,—rC,. Furthermore, according to [(16), 
“R.S.,” I], ApituwAyi.=uA,,, whence 0=uo,_,—pA,,—uB,—B,+rC,. 
EKquating coefficients of u, we find again that o,_,=A,,+B,, and further that 
B,=rC,, which proves the first part of (42). 

The M,(a) and M, (8) constitute a complete M,(d)for which D.=0. Weknow 
that d5=a),.-.-+-, 0,2) %.) 9,1=4,+8,; let us assume that §,=a,+8,—2. 
Since D,=A,+B,—xz=0, we see that c=A,+B,=C,+1rC,=(r+1)y,, which 
for this case at least proves the second part of (42). 

A proof which applies .generally can be formulated by the aid of the fol- 
lowing lemma: 

(43) If n—r+k spreads of orders a,,...-) An—r+_, On M,(a) im S,, meet 
ina residual M,_,.(8) which cuts M,(a) in an M,_,_,(y), the relative index num- 
bers of M,_,,(y) as to M,_,(B) are (By) =Ajses, (4=0,1,....,r—k—1). 
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Let r—k further spreads of orders t(u,,...., “,-,)* on M,(a) meet in O, 
points outside M,(a), where 


O,=6 4-44 T)—2— (4.44, Tv; + Sas + Ags, a +A,%,_,) ‘ 


Since the spreads t(u) cut M,_,(8) in the same number of points outside 
M,(y); 


0,=6,t,.— | (By), (By) 12 te ie (By) ae (BY )o%s-2-,}- 


Noting that 8,=o,_,,,—A,, the lemma is proved by equating coefficients of rt. 
We need also the further fact: 


(44) The theorem (42) applies also to the case where a, 8, y are the 
relative index numbers of M,(a), M,(8), and M,(y) with respect to a manifold 
M,, containing them, providedo,_,is replaced by mo,_,, where mis the order of M,,. 

The proof of (44) parallels that of (42). Suppose, then, that the second 
part of (42) and of (44) also has been established for values of the dimension 
up to the value r. Let spreads o(4,,....,4,_,) on M,(a) and M,(8) meet 
again in M,(a’), which contains M,(8) and which meets M,(a) in M,_,(a”). 
According to (43), (a’a”),=A,,,. According to [(38), “R.S.,” I], the rela- 
tive index numbers of M,(8), on the composite spread V,(x) made up of M,(a) 
and M,(a’), are (x8),= 6, and (x8),=6,+0,8,. These relative index numbers 
can be determined by cutting M,(x) by r spreads p(v) on M,(8) from the 
equation O,=p,(a,+a5) —(*8))p,—(x8),. The O, points are made up of 
?,%—y, points on M,(a), and of p,a;—(a’B).p,—(a’@), points on M,(a’). 
Since 8,= (%8) = (a’B),, we find that (a’8),=6,+0,0,—y. For the dimen- 
sion r—1, we have assumed that the relative index numbers of M,_,(a”) and 
M,(B) on M,(a’) are (a’a”), .-+ (a’B),—1Y0, (a’a”),-2 + (a’B)o, (#'a"), 55-05 


whence spreads t(u,,...., u,) on the two meet M,(a’) in 
O,.1=T,o— [ (a’a”),.+ (a’B) i—TYo] 
—[(a’a”), + (a’B)o]t,—(a’a"),-g%—--.-—(a’a" ot, 


further points. This can be written as 


O,-1 =6,—-T,—T, Ay — [4,+ a (g-} 1)y¥] 
—[A,_,+B,]t,—A,.%,— ....—A,T,_,. 


Since this is also the number O, of points outside of M,(a) and M,() on the 
o(4) and ¢t(u) spreads containing them, we see that the last index number of 
the composite spread must be a,+8,—(r+1)y,, which completes the proof of 
(42). A similar argument completes the proof of (44). 





* This notation indicates that 7,, 7.,.... are the elementary symmetric functions of the given orders. 
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Further theorems of the following type: 


(45) The index numbers of a composite curve composed of three curves 
M,(a), M,(C), M,(y), with respectively €,, 7, %) points common to two and 
with points common to the three of which §, have non-coplanar tangents 
and & have coplanar tangents, are a,+@,+y, and a,+8,+7,—26.—2m—23, 
—49§,-—605, 
might be given; but the number of particular cases increases rapidly with the 
dimension. 

2. Let us next consider the case where n—2 spreads o(A) on M,(a) in 
S,, meet again in M,(@), which cuts M,(a) in M,(y). By taking a section and 
applying (42), we find that B,+A,=o,_, and B,=C,=A,. By applying the 
lemma (43), we find that (@y),=—A,, and from the symmetry that (ay),—B,. 
A further spread of order uw on M,(a) meets M,(@) in M,(y) and in M,(0), 
which has ¢, points in common with M,(y). Again applying (42), we find that 
D,+uD,=2«e,. Considering M,(y) and M,(d) on the one hand as a complete 
intersection of M,(@), and on the other as a composite curve, we have, accord- 
ing to [(17), “R.S.,” I] and (42), the index numbers u8,=y7,.+4), uPi— KB, 
=y,+6,—2e,. By adding (o,+) times the first to the second, we get 
uB,=C,+uC,+ D,+uD,—2e,, whence C,=0. Collecting the above equations, 
we have 

(46) B,+A,=¢,.., By=Cj=A,, B= (ay), A,= (By),, C,=0. 
From these we derive 

B,+A,=6,2., B,+A,—2C,=0, B,+A,--2C,—[ (By),+ (ay), ]=0. 

The composite spread M,(a), M,(@) is regular, and these equations show, 
according to [(9), “R.S.,” I], that the index numbers of the composite spread 


are 





(47) ay +Bo, % +8,—2y0; a, + Bo—2y,— [(ay),+ (By), 1]. 

(48) If n—2 spreads on M,(a) in S, meet again in M,(8), which cuts 
M,(a) in M,(y), the index numbers B, y, (ay), (By), with the exception of 
either B, or (ay),, are determined in (46). The index numbers of the com- 
posite spread M,(a), M,(@) with common M,(y) are given in (47). 

We have obtained (47) in the particular case of a composite regular inter- 
section. They are evaluated for the general case below. For the present they 
may be checked by thinking of the composite spread and of its parts as lying 
in an S,,, containing S,. According to [ (13) and (34), “R.S.,” I] the same 
formule hold, as of course they should. 
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Next let us consider the residual intersection M,(8) when M,(a) is an 
M;(a). Using the same method as above, we find that B,+A,=o,_,, B,=2C, 
=2A4,, (By),=4;, &=A,+ud,. But in this case D,+uD,=3.,, so that 
C,+A;=0. If a spread of order vy on M,(@8) cuts M,(a) in M,(y), where 
Ny=VAy, Ny =Va,—Va), N=Vva,—v'a,+r*a,, and where, according to [ (39), 
“R.S.,” I], (ny), =(ay),;+vy, then M,(y) and M,(@) constitute an M,(x), 
which is a complete manifold. Therefore K,+vK,=0, where 

m= +8, 
x, =Vva,—v"a, + 8,—2y, 
X= Vva,—Va, + a+ Bo—2y,—[ (ay), +ryo+ (By),). 
Thus we find that B,—2C,—[(@y),+ (ay),]=0 or 
B,+A,=6,_2, B,=2C,=24,, 

=) te ae tae B,+4,=(ay),. 
These equations lead to 

B,+4A,=6,., B,+A,—3C,=0, B,+ A,—38U,— [ (ay), +3 (B8y),]=9, 
which proves that the index numbers of the composite spread M,(a), M,(@) are 


(50) Xo » a, +8, ’ a,+8,—3y, ’ as+8,—3y,— [ (ay), +3 (By), ] . 

The above argument by which the result for M,(a) is gotten from that for 
M,(a) can be applied similarly to obtain analogous formule for an M,(a) from 
those for an M,_,(a). Thus a readily formulated deduction leads to the 
theorem: 

(52) InS,,n—2 spreads on M,(a) meet ina residual M,(@) which cuts 
M,(a) in M,(y). The index numbers B, y, (ay), and (By), with the exception 
of either B, or (ay),, are determined in terms of a and the given orders by 


By+A,.=F,-2; B,=(r—1)C,= (r—1)A,_,, 
fom 
—C,= (r—2)4,= (r—2) (By), Bt ("9 )4,= (ay), 


The index numbers of the composite spread M,(a), M,(@) with common M,(y) 
are 
Ay, Ayy +++ +9 Hpgy a, 2+ Bo; a, ,+8,—2y%, a, + 8.—2y,— [ (ay), +(5) (By),]. 


Only in the particular case r=n—2 is the determination of @, made later 
(see the end of § 4). In fact, it seems probable that the orders and the index 
numbers « do not constitute, in general, sufficient data to determine @,. Further 
index numbers of M,(a) can be defined in terms of which (, can be expressed, 
but this is not done in this paper. 
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Let us obtain directly the index numbers of a composite spread M,(«a), 
M,(8) with common M,(3). Spreads o(%) on the two meet in a residual 
M,(y) which cuts M,(a) in M,(y), and M,(@) in M,(f), and M,(S) in M,(9d). 
From the first equation of (46) we get 
1°, y+ Bo+7=F,-2- 
From each of the other equations of (46) we deduce three equations according 
as M,(a), M,(@), or M,(y) is looked upon as the residual manifold. These 
equations are 
shiva alaab 6, +4,= (894+%)6,+8i+%1—So> 
2°. 1oo tm +3 =Nyt+ Pot B= (Yo) 6, +7: +4,—M 
Sot Mot M= Mt t= (a,+-8,)o,+a,+8,—S,, 
6, (M5 +3) +2 +3,—26,=9, [o, Got Si =%; 
3°. 0; (So +S) +3,+¢,—26,=0, or hia 
CAS +7) =C,+7,—208,=0, 0,4 +5,=4,, 
ie ty +0, 4, +a, = (yn), + (@3),, 
6, By +0, B,+8.= (ad),+ (¥S)15 
82 Yo t+OVit+y¥.= (8¢),+ (an),, 
(o,(Bo+%) +o, (8, +7,—2¢,) + &py= (an) + (ad) ,—26,, 
D°. 46, (Y%o +49) +0, (Y, +4, —2%) +Lya= (BS) ,+ (85), —20,., 
| Oy (y+ Bo) +o, (a, + 6,—23,) +%ag= (yg)i+ (yn),—26); 
where %,,, etc., are the unknown third index numbers of the composite spread, 
M,(@), M,(y), ete. From 1° y, is obtained. Equations 2° reduce to three 
which determine y,, 7, ¢) in terms of a), @,, @), 8,, 30, %- Thenfrom 3° 4,, 
¢,, ™, are obtained in terms of ¢,, 7, 9). From 4° (y7),+ (y@), is determined 
in terms of a,, @;, (ad),, and (@S),; and, finally, from 5° we get 2,3, which 
turns out to be a,+8,—23,—[(a3),+ (83),]. 
By adding 2° we find that 
61 (%+8o+Yo) +a, +8; +71—26)—2%,—28,=0 ; 
and by adding 3° and 4°, that 
6°. 0g(ay+Bo+Y7o) +91 (4, +8, +%1—26,—2n9—235) 
+ [a,+B2+Y%2—2¢6,—27,—23,— } (an), + (a>) ,+ (8S), 
+ (80), (78). + (yn), } +65] =0. 


Since M,(a), M,(@), M,(y) constitute a regular intersection, this shows 





4°. 





that 

(52) The index numbers of M,(a), M,(@), M,(y) with curves M,(Z), 
M,(n), M,(S) common to two respectively, and points M,(d) common to the 
three, are the coefficients of o in 6°. 
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We get the same result by using the above formula for x,,, taking M,(a), 
M,(@) as a manifold M,(x), and M,(y) as the residual spread meeting M,(x) 
in M, (A) =M,(¢),M,(n). For Y2=Y2) %_= y+ B,—23,— [(as,) + (8S) .1,a,=6, 
+7, — 26), (yA), =(yn) +(¥9)1 — 26, and (xA),=(an),+(@0),. Hence, 

X_+Y%.—2A,— [ (xA),+ (yA) 1] =4a,+8,+y7.—2 (C.+%,+3,) 

—[(an),+ (a@3),+ (B3),+ (8¢):+ (yo$)i+ (yn),] +66). 

The theorems above can be generalized, as in (44), to apply to the rela- 

tive index numbers of the /,(@) residual to an M,(a) on an M,. 


$4. Residual Index Numbers. 


1. Given an M,_,(e) on an M,(a) in S,; then n—-k—1 spreads o(A) on 
M,(a) meet in a residual M,,,(@8) which has an M,(y) in common with M,(a). 
This M,(v) meets M,_,(e) in J, points, and we define the relative incidence 
number, [ae],,, of M,_,(e) as to M,(a) by means of the equation 


(53) [,_,=6,—,[a€])+6,,—-,[a@],+0,~-.[ae], 
+....+6,[ae],,,+ [ae],., 
in terms of the orders A, the number /,_,, and the earlier incidence numbers, 
[ae],-~-1)-++-+, [@@],, Which are similarly defined for successive sections, in 
particular [ae], being e,. We shall prove that 


(54) The relative incidence numbers are independent of the orders of 
the spreads used to define them, and they depend on the underlying dimension 
S,, just as do the ordinary index numbers. 

For if 4, increase by one, its spread by an S,_, which cuts M,(a) in 
M,_,(a), then the n—k—2 spreads o’(A,,...., A,-,-,) on M,_,(a) meet in a 
residual M;,,,(3) in S,_, which meets M,_,(a) in M;(y). This M,(y) meets 
M,_,-1(€) in 

[4-1 = F,_2-1 [G8] 9+ 67_»-2[ae],+-.-.+0;[ae],,.+ [ae]. 
points. Hence, J,_, is increased by J}_,_,, which is precisely the increase in 
I,_, of (54) due alone to the change in 4,; 1. e., [aé],_, is unaltered, and it is 
independent of the order A,. If, however, M,(a) be supposed to lie in an S,,, 
containing S,, we must use o(1, A,, ...., A,.,) for the same 7,,. If 
[ae];+ [ae];_,— [ae], be assumed true for i=1,...., r—k—1, as it is for i=0, 
then [ae];_,+[ae];_,1=[ae],,. Here the [ae]; refer to the relative inci- 
dence numbers in S,,,. Comparing these relations with [(13) and (14), “R. 
S.,” I], we see that the dependence of the relative incidence numbers upon the 
underlying dimension is the same as that of the ordinary index numbers. The 
generalization of this result analogous to [(17) and (36), “R.S.,” I] is: 
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(55) If [ae]; are the relative incidence numbers of M,_,(€) as to M,(a), 
the relative incidence numbers [ae]; of M,_,_,(e) as to M,_,(a), the meets of 
M,_,(€) and of M,(a) with a spread of order q, are given by 
[ae];=q[ae],—q’*[ae],,+@*[ae],.—....+(—1)‘q*'[ae],, 
(i=0,...., r—k—-1). 

We might expect the relative incidence numbers to behave like the ordi- 
nary index numbers, since the latter are a special case of the former. For if 
M,_,(€) coincides with M,(a), k is zero and J, becomes the C,=4A, of (42). 
Comparing A, with the right-hand member of (53) and noting that, in this case, 
[ae],=&=a,, we have [ae],=a,. 

(56) The relative incidence numbers of M,(a) as to M,(a) itself are 
the ordinary index numbers of M,(a). 






























We see from the definition that the relative incidence numbers of M,(e) 
and M_,,(e’) on M,(a) are the sums of the respective relative incidence numbers 
of M,(e) and of M,,(e’) if a=a’; otherwise they are the same as those of the 
manifold of greater dimension. 

(57) If M,_,(e) is the regular intersection of M,(a) and an M,_, of 
order q, then [ae],=qa,;, (t=0, 1,...., r—k). 

Since [ae],—&—ga,, let us assume that [ae],—qa,; for i—0,...., r—k—1 
and determine [ae],_,. Let n—k—1 spreads o(4) on M,(a) meet again in 
M,.4,(8), which cuts M,(a) in M,(y). If M,(y) meets M,_,(e) in I,_, points, 
these points are the meets of M,(y) and M,_,, and 

L,4.=WYo=F 41 4€]o +6, , [ae], +....+0,[ae],,1+ [ae],,. 
By applying (42) to a proper section, we find that 
Yo=F,—p Ay tO,.~ 1G, +...-$6,0,.,+6,,.- 
Multiplying by qg and subtracting, we have [ae],_,=qa,_,. 

(58) If M,_,(e) on M,(a) be cut regularly by an M,_, of order q in an 
M,_,-,(€), then the relative incidence numbers of M,_,_,(e’) on M,(a) are 
[ae’],=q[ae],, (t=0,1,...., r—k—l). 

This being true for [ae’],, let us assume it true fori=1,...., r—k—Il—1. 
If n—k—I—1 spreads o(A) on M,(a) meet ina residual M,,,,,(8) which cuts 
M,(a) in M,.,,(y), the M,,,(y) will meet M,_,(¢) in an M,(d) and M,_,,(e’) in 
I;_,, points, where J/_,_,=qd,. From a proper section, 

§9=6,-,-[4e])+0,4-,4 ae], +..-.+6,[ae],~~4+ [ae] ,i1- 


Multiplying by g and using the assumed relations, we have 
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qo) =L,_-4-1=F 4 [&’ gp + 6,-,-1-, [ae], +... . +6, [ae], +,+ [ae] p)- 
Hence, [ae’],_,.=@[ae],~1- 

The theorem (58) for k= 0 becomes, by the use of (56), the theorem (57). 
Kither will serve as a basis for the following definitions of the residual index 
numbers of M,(a). 

2. If n—r—1 spreads be passed through M/,(a) in S,, they meet in an 
M..,,(@), which has in common with M,(a) the manifold M,(a) itself. The 
relative incidence numbers of M,(a) with regard to itself, [aa],;, according to 
(56), are the ordinary index numbers of M,(a), a;, which in this connection 
we will denote by a,;. Thus [aa],=a,;, (t=0,1,...., 7). 

If n—r spreads o(4) on M,(a) meet in a residual M,(8) which cuts M,(a) 
in M,_,(y), let [ay],;, (0=0,...., r—1), be the relative incidence numbers of 
M,_,(y) on M,(a). If one of the spreads, say that of order 4,, be multiplied 
by a spread F of order q, then M,_,(y) is increased by Mj_,(y’), the meet of 
F and M,(a), and [ay], is increased by [ay’];, which, according to (57), is 
qa,= qa); But o,a,,; is increased by ga,,;, whence a, ;, defined by 

(59) [ay] ,=a,, - +0, ~ +O, 415 (é=:0, 1... ..., fd), 
is independent of the orders 4 and can be regarded as as index number attached 
to the manifold M,(a). The change in these index numbers due to a change 
from S, to S,,, can be obtained from the corresponding change in [ay]. 
[see (54)], ino, and in a, ,. 

(60) The residual index numbers of the second rank defined by [ay]. 
=0,,; +0, %, +0 441, (1=0,....,7—1), in terms of M,_,(y) are independent of 
the orders of the spreads which determine M,_,(y). The change in them due 
to a change from S, to S,,, is expressed by 

Oo, Oo, ¢- = Ao, ¢ Oy, As, ¢-7 = %), 4 — Fo, ¢-4- 

In particular, according to (42), a,,=—0. For example, let M,(a) in S, be 
the regular intersection of u'=0, u"=0. Then a,,=lm, a,,=—lm(l+m), 
ay 9=lm(P?m+lm+m?). Let ui f—'+u™ f-™=0, u' f4 "+ u™ f*-™ =0 be spreads of 
orders 4, u on M,(a) which meet in M,(@), which cuts M,(a) in M,(y). Then 
aii iii 
alae ro 
ing to (57), [ay],=lm(a+u—l—m) and [ay],=—lm(l+m) (Aa+u—l—m). 
Thus, a, >= [ay ]o>— (A+) a, o—G,,;=9 and a, ,= [ay] ,— (A+) a9,,—ay,,=Pm’; 
1. @., @,,, and a, , are independent of A, u. 

The residual index numbers of the third rank of M,(a) are defined as 
follows: Let n—r+1 spreads o(4) on M,(a) meet in the residual M,_,(8™) 


M,(y) is the regular intersection of u'=0,u"=0, and =0. Accord- 
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which cuts M,(a) in M,_,(y) with residual incidence numbers [ay ],;. Then, 
if a, ; be defined by 

(61) Lay? ] =A, <+O, A), AO), 541520, +O) by, 441 +%, +25 

(4=0,1,...., r—2), 
it is independent of the orders and is an index number of M,(a). For if A, 
be increased by 1 by adding a linear factor, M,_,(y) is increased by a section 
of the M,_,(y’) obtained from o’(A,, ...., A, —,1:), [ay]; is increased by 
[ay’];, which by the definition of the numbers of the second rank is a, ;+01 a, ; 
+a) ,,- This change in [ay], is balanced by the change in the o’s on the 
right of (61), whence a, ; is unaltered. 

The residual numbers of the (k+1)-th rank are defined in terms of those 
of earlier ranks as follows: If n—r+k—1 spreads o(A) on M,(a) meet ina 
residual M,_,,,(@%~”) which cuts M,(a) in M,_,(y“"), whose residual inci- 
dence numbers are [ay“~"], then a, ; is defined by 


(62) [ay@™? ] =ay, A (Oy, Oy, cH On ay, to) H+ (O2Qp 2, p+ O10 p-2, 141 F Op», 42) 
Hee HO, Go, AOR 1 Mo, pit + HO, e+e) 
= (Op, FO asi te ++ Fo crn) FOG FOr t---- 
HOy, pea) He ee FO, 4 (Gy, +o, 441) +Op (Go, 1), 

(hnO, 1... 25g 8, 1, 0.0, FR). 

It can be shown, as above, that they are independent of the orders A, and there- 

fore also of the manifold M,_,(y“"»). A somewhat more convenient form of 
the definition can be obtained by introducing the abbreviations 


(63) A, g= Oe, g+O, Ge, gy +52%o,g2+- +++ +040,,9, and 
A, g=@, gto, Q.—1, a +5242 at Se Ato es +0 ,Q6, a: 


(64) The residual index numbers of M,(a) of the (k+1)-th rank, a, ;, 
(k=—0,...., 7; 1=0,...., r—k), are defined by 


itk 


i+k 
=) 
lay‘ Ve= * Arie > By cei 


l=k+1 
in terms of the index numbers of lower ranks. They are independent of the 
orders 2 and the manifold M,_,(y“@»). 


To identify the two definitions, note that the coefficient of o, on the right 
it+k it+k 

in (64) is 2 a, j4,-1+j;— ~ Oj 444-1, While in the original definition it is 
1=0 l=1+k 


Oy; ¢+.--+-+6 ¢:,-;- The difference between the two is 
i+k itk i+k 
~  Gyiprg— * Oye 2 Ayer yp- 
I=i+k—j41 l=k+1 I=i+k—j+1 


This last sum vanishes, since in each term the second subscript of the a is neg- 
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ative. Note that in the definition (64) index numbers of rank greater than k 
formally appear, but they cancel in the expanded formula. 


3. (65) The complete set of residual index numbers of a regular M,(a) 
in S,,, determined by spreads of orders 2,,...., Ax, 18 given by 
da (—1)**‘a_,[2,2,—2,, Ziv, 
where n,_, 1s the product, and X, the complete symmetric polynomial of degree 
j, formed from the given orders. 
Let n—r+k—1 spreads o(/) on M,(a) meet in a residual M,_,,,(8) which 
cuts M,(a) in M,_,(y). These spreads can be taken in the form 


usybt i ., pyre yarns =u, 


u™ yin kas ee + yrs ylo—r+ta—hn-r —(), 
where u¥=0,...., w"=0 cut out M,(a). Then M,_,(y) is the regular inter- 
section of M,(a) by the spread defined by the matrix 


gem, es yar 


pioneer, .g Ueto 
whose order, according to Salmon’s formula,* is 
(0,—O, 12>, +O, -2 Do — - -- - + (—1)* 0, 5, + (—1)* ,). 
From (57) and (64) we have, respectively, 
[ay*-] = (o,—o,_,2,+....+(—1)*2,)a,, and 


itk ee 
k—-1)} —~ 
[ay' i= % Ai tea 2 Ari: 


Kquating the terms in o,_,, we find that 


itk k+é 
(—1)’3,¢,= 2a, -nj— 2 Oreste (J=0,1,..-., k). 
1=0 l=k+1 
Writing this equality for 7=k, i=i, and again for ;=k—1, i=1+1, we get, by 
subtraction, (—1)*(>,a;+ >,_,4,,,) =a, ,. According to [(11), “R.8.,” I], 
= (—1)*m 255 Oey = (—1) 9 A, 241) 
whence a, ,= (—1)*** 0,_,.(24.2;— 2p Zits) 
4. In the above particular case of a regular M,(a) the relations 
Op, ~ +0541, 4-1=0, @,4,,,=0 exist. Let us prove generally that 





* A simple proof of this formula is given in § 5. 


ol 
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(66) The 4r(r+1) residual index numbers of M,(a) satisfy the follow- 
ing relations: a, ;+4;,;,,.~=0, and a, ,,=0. 


Let n—r+k—1 spreads o(A) on M,(a) determine M,_,(y“"), and 
n—k—1 spreads t(u) on M,(a) determine M,(y°"*—”). If these two mani- 
folds on M,(a) meet in J,, points, then we have from (53), if we use first 
M,_,(y“"») as M(e) and second M,(y"“"») as M(e), the equations: 


L_,=[ayv?] +4, lay? ] it.--.+¢,..lev?],, 
=[ay**],+¢,[ay°"] ,.+....+0,[ay*"],. 
Here the [ay], are given by (64) in terms of the o’s, and the [ay“*" J, are 
given in terms of the ¢’s. Equating coefficients of o,¢,, we get 
r—t r—t T—S T—8 
= 1, r—i—s—t te r—l—t— 2%, r—l—s—t tit r—I—s) 
where 0Dct<cr—k andO0<s<k. If in this equality ¢ be increased by 1 and 
s be diminished by 1, and the result be subtracted from the given equality, we 
Bet o,4 sng 1s, pte = — O41, 1-1 +%n-4, 8» Where now 0<t<r—k—1 
andl<s<k. Thus two of the a’s have a negative subscript and vanish, and 
By wt Gnss,3-1=0, (f=, ...., 1; mor—k—l, ...., 0). 
5. There is one case in which the residual index numbers all can be 
expressed in terms of the r+1 ordinary index numbers. 


(67) _ The residual index numbers of an M,_,(a) m S, are given in terms 
of the ordinary index numbers by the formula a, ,=a,_,;a,,—@),.a,, where 
h=1, 2,...., n—2 and l=0,1,...., n—h—2, while a_,=0. 

Using the above notation for n—r=2, the spreads o(A) meet in a residual 
M,,,,,:(8) and the spreads z(u) in a residual M,,,(@’). The two residual 
spreads meet in 6, 85 points, where 

Bo=Cx4,—A,a, and 

Bo=F,—2—1— O89 Fa p-g — hy Tuba + + Ogg Ty Ones 
These common points consist of the O points common to the spreads o(A) and 
t(u) outside of M,_,(a), and of the J points common to the M,_,.(y“"») and 
the M,(y“"*) on M,_,(a). Here 
O=6 p41 T.—4—1—Tn—4—1 Ap —T neg Ap— - -» - — 0, A,_3—A, 2, and 
I =[ay? ]o% +2 faye ™ | ecaceth es + ila, + tay”), 2-2: 
By equating the coefficients of ¢ in 8, @,=O+1, we get 

a, (A,:—Op41) =—Ayy it lay? ],, (1=0,1,....,n—k—2). 

In this, after dropping the obvious equalities found from the coefficients of o, 
and o,,,, we find from the coefficient of o, that 














Coste: Restricted Systems of Equations. 


Op ig Wy pp pg jg Fg, Opa, eH es Qo, ej sis 
where j=0,1,...., k—1. Putting k—j=h, we have 
py * Hy = — Op pp FO, AO ya t+ ++» FA, nse, 
(t=0, ...., n—-k—2; h=1, 2,...., k). 

Allowing h to diminish by 1 and / to increase by 1 and subtracting, we get 
QO), ; =A, %_,;—,_,a,, Which is also true when h=1 if a_,=0. 

As a verification let M,_,(a) be regular, being cut out by spreads of orders 
Ai, a. Then a, ,=(—1)""'AtAz(>,_.2.,—,-22,). But for this case we had 
found in (65) that a, ,=(—1)"''A,4,(2,2,—2,_, 24). To identify these, we 
notice by direct multiplication that >,2,—>,_,>),,=(4,4)"'=._, if h<l. 
Hence, >), 2)-:7- 2p» 2 = (A, A.) *=,_,, and the two expressions are reconciled. 

6. The generalized problem in restricted systems has, in the case of a 
common curve, the following solution: 

(68) If mS, an M,(a™),...., M,,(a®), where r,+....+7,= (i—1)n, 
have in common an M,(y), they meet outside M,(y) in 


—la™ P 
0,=a§? -a®-....-af—y, Cs points. 
6 
Let spreads o (A{, ....,2,,) on M,, (a) meet again in M,, (8), which 


meets M,(y) in 1f=oy,+ [ay], points, where B§” =a(a™) —a5° =n,—as”. 
All n of the spreads on M,(y) meet outside M,(y) in 
Q, =, My... —IHo(G{? +039 + .... +f) —y, points. 
The Q, points are made up of the O, points common to M, (a), ...., M,,(a™) ; 
of the (a1,—a,)a®....af?—I{? points common to M,,(8), M,,(a®),...., 
M,,(a), ete.; of the (7%,—a§”) (2,—a§”)a{?....a§” points common to M, (8B), 
M,,(8), M,,(a®), ....,M,,(a), ete.; ....; finally of the (2,—a(”) (a,—a?’) 
....(2,—a) points common to M,,(8™),...., M,,(8). Thus 
Q,=0,+2) (4,—al) a... .af?—I,} 
+3} (a,—al?) (2,—a)a®... a {+....+2(a,—a}”). 

By using the identity 

Hy... LX; =[(%,—Y,) FY] [(%2—Y2) + Yo]. --- L(@—Y) FYI] 


=Y Yoo +  YsFZ(B—Y) Ye: - > Yi 


+2 (%,—Y_) (%e— Yo) Ys. -- -Yst---- +2(X,—Y,); 
we find that 


Q,=0,—S1M +2, 2... —afPaP... .af? 


=1,%....M—YlOP+....+0}9]—f[a%y],+.... 
+ [ay] ,{—afPa?....a$?+0,. 
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= [ay], is a0 aa ley} _—y, ; 

Yo Yo 
This formula for O, is like the usual formula, except that in forming o, 
[ay], _ [ay], 

Yo [ay], 

The relative incidence numbers [a‘y], can be replaced by relative index 
numbers according to the following theorem, but the formula for O, then loses 
its resemblance to the original formula. 

(69) Foran M,(y) on M,(a), y= (ay),= [ay], and y,=(ay),+ [ay],. 

Only the last equality needs proof, the others being a matter of definition. 
Let n—r spreads o(4) on M,(a) meet in a residual M,(8) which cuts M,(a) 
in M,_,(e), which in turn meets M,(y) in I,=0,y,+ [ay], points. Then r 
further spreads t(u) on M,(y) determine an M,_,(¢) which meets M,(a) and 
M,(@) in O, points outside of M,(y). Here 


0,=6,_,T,—¥o(O1+%1) —¥1= [F, &y— Pp TH — (ay) ift{r,A—h}. 


Since a,+8,=¢,_,, this leads to y,= (ay),+ [ay],. 

7. From (68) and (69) the undetermined index number #, or (ay), of 
(51) can be obtained when r=n—2. For then M,_,(a) and M,(8) meet in 
M,(y) and no further points, whence, from (68), 

— — _ [ay], [By], = 
0,=0=a, B, vo mA A ) vis 
Replacing [ay], and [By], according to (69), we have 


0=a,8,+y:—(ay),— (By). 


(70) The undetermined index number 8, or (ay), of (51) is found in the 
case of an M,_,(a) from either 


%Bo= (ay)i+ (By).—1 aia Be+{("9°)+1}4, =a 8+: . 


§5. Manifolds Defined by Matrices. 


1. In order that the various terms in the expansion of a determinant or a 
subdeterminant of a matrix, M,,,,,, with n rows and n+k columns, whose 
elements are forms in d+1 variables, may be homogeneous, it is necessary that 
the orders of the elements be taken as indicated in the array 


La, 1A, x: gh 
iacia®, ....4,39% 


Lae 446, .... 344% 


Therefore 0,=a$a®... Lai? —y4] 





the given orders are replaced by — 


M+, — 
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If the d+1 variables are linear in the c+1 coordinates of an S,, the vanishing 
of the matrix defines a manifold of dimension c—(k+1) in S,. For if the 
matrix of the first n—1 columns vanishes on a certain manifold M’, the k+1 
spreads obtained by adding each of the remaining columns to form a determi- 
nant all contain M’ and meet in a residual M,_(,,,, which cuts M’ inan M,_,,,). 
Since for the general point of M,_,,,,,, M’ does not vanish, the vanishing of the 
k+1 determinants entails the vanishing of the matrix. In this section the 
first three index numbers of M,_(,,:, i S, or of M,,,,,, are derived, all the — 
index numbers of M,,, , are obtained, and a tentative formula for the general 
index number of M,,,, which holds for the first k+3 numbers is given. A 
formula for the number of linear spaces which meet a prescribed number of 
given linear spaces is obtained in terms of the index numbers of M,,,,,. Owing 
to the limitation of the tentative formula, this number is evaluated only for 
the case when the given spaces are lines and the case when the given spaces 
are nine planes in S,. 

2. Throughout this section we denote respectively by uw; and j; the 
elementary and the complete symmetric functions of degree 1 formed from 


L,,..++,,4,3 and by », and v,, respectively, the complete and the elementary 
symmetric functions of 4,,....,4,. Further, let 
(71) one oe ie and 
A= jt jy V1 t+ Mya Vot - --- +9;3 

and let mj:z,n;;, (J=0, 1,....), be the index numbers of M,,,,,. From the 
well-known relations 

Mi; = ly — Uj fr + Myo lp —---- + (—1)’ Ga; =0, and 

N; =V; —V, 4% +1. —....+(—1)/v, =0, there follows 

h, =H,—H,_,H,+H,_,H,—....+(—1)/H,=0. 
For if we compare h,; with m;+m,,,-+m,,.,+....-+;, which is evidently 


r] om - ° 
zero, we find that h,= = (—1)'H,_,H,= = (—1)'uj_,-,@,-.¥,%,, while 
r=0 


r,8,t 
j j dcr r - e ‘i 
=m, n,= = ( = (—1) "uj it,) ( = (—1)'v,_1%) se" = (EP piece V2 4+ 
If we set r—t=s’, s=r’—t’, t=’, the first sum reduces to the second. 
The following equations are fairly obvious: 
(72) Hp°=H87°+l ApS, Bp°=2,0pS+Hy', Ay’ =”a, ApS+Hy’, 
where the first superscript 1 or 0 refers to the omission or retention of J, in 


the formation of H, and the second superscript indicates similarly the omission 
or retention of A,. 
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3. With the aid of these formule an immediate proof* of Salmon’s for- 
mula for the order of a matrix can be given. 


(73) The order of a matrix M,,,, 18 H,,,. 


The theorem is obviously true for the matrix M,, ,; let us assume it to be 
true for all matrices M, , such that r+s<2n+hk. Let M,,,_,,, be the matrix 
of order m,,,-,,, obtained by dropping the first column of M,,,,,; and let 
Misn—1.n—; Of order m,,,-,,,-, be that obtained by dropping the first row and 
column. Consider the section of the manifold M,,,,,=0 by the spreads of 
orders /,+A,,....,1,+A, in the first column, m= (1,+-4,): (1, +4,)°....°(1,+4,). 
This section is regular and of order am,,,,,.. It breaks up into two partial 
sections. For the one partial section the spread of order /,+4, and M,,,_,, 
vanish, whence its order is m-(J,+4,)*M,4,1,,- For the other partial section 
the spread of order /,+-A, does not vanish, while M,,,_, ,_, does vanish, whence 
its order is 2-m,,,4,-:- Therefore m,,, ,=(l,+4,) Masp1,n t+ Manse, n-1- 
Both orders on the right are known from the assumed formula, whence 
Mace n= (L+4,)He°+He},. By using (72) we find that m,,, ,=l,He°+Hp), 
=H’; =H,,,,, which proves the theorem. 

4. Similar considerations readily lead to the following theorem: 


(74) The curve (in S,,.) of order H,,, defined by the matrix M,,,,=0 
has the second index number my+x,n;1= —kKAys.—H, H,, and the genus p de- 
termined by 2p—2=kH,,,.+H, H,,,—(k+3) Ay, - 

The value of the genus is obtained at once from that of m,,,,,,, by using 
[ (27), “R.8.,”1]. The first and second index numbers of the matrix 


My 44.=|lh4+4,,; see Lz +A, ||=0, 



























a regular spread, are 


M1 4k,1;0= (1,+4,) ae (di4n+A1) 
and 
Mi+b,131.=— (4+... that (A+1)A,) m1 42,1; o=— (kA, +A,) Ay. 


Since HY. =A, AY), +H), and H?/,=",4.=0, the value of m,,;,,,,; given in 
(74) also reduces to —(ka,+H,)H,,,. We assume, then, that (74) is true for 
matrices M,, such that r+s<2n+k, and proceed as above. If %, denote 
(1, +A,)+....+(1,+4,), the second index number of the section of M,,,.,, 
according to [(18), “R.S.,” I], is 24 my44,n;1—21 Mazz, n: 0} 3 Of the one partial 
section is 2(J,+A,) }Mnse—1,n31— (2, +4, +41) Mnse—s,n; 0} 3 and of the other par- 





* This formula, inferred by Salmon (“Higher Algebra”) from a number of special cases, was proved 
for the first time by Prof. F. F. Decker. This proof will appear in a subsequent number of this JOURNAL. 
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tial section is 7} My4x-1, n1:1—21 Mniz—1,n;0}- Furthermore, the two partial 
sections meet in (/,+4,) 7m, 44-1, ,-1;9 points. Using the formula (42) for the 
second index number of the composite curve, we have, after factoring out 2, 


ad § ’ 
Mark, n; 1 Matk,n; 0= (1, +A,) 7 Matk—-i, n3 1 (2, +1,+4,) Mn+k—-1, n; of 
+ } Mnse—1, n—1; 0 2 Mae, n—1; 0} —2 (2, +A,) My 44-1, a—1; 0° 


The terms in &, cancel, due to the equation connecting the orders. By means 
of the same equation the term containing (/,+4,)? can be eliminated. Then 


Mna+k, Nn; 3 (1, +A,) } o4.5—1, n; 1 Marr, n3 0 Marr, n—1; of + Mr+k—i, n—1;1° 


pe in order to prove (74) we have only to verify that 


kA yess + Hy® Hy’ = (1,+4,) | (k—-1) Ae +H? Ae’ + Ae + Aes} 
+ kA + Hy! Aes} 
is true. The terms containing k as a factor vanish, due to the relation 
R}*= (1,+4,)Hp5+H}' 
used in the proof of Salmon’s formula. The remaining terms are 
Ay ° Ay? = (1, +4,) [—Ae?, ae tity’ Ay’ \)+Hy' He. 

In the bracket, —H??,+ H?;),=1,Hz° and 1, H?°+H?° Hp’ =H? Hy°, whence 
AY Ay? = (l,+4,) (AY? Ae? + Ae) +H! Heh. The two terms in H7/, reduce 
to H?° Hi:,, so that H%° factors out, leaving H¥;?,= (1,+4,)H?°+Hze},, which 
is true and completes the proof of (74). 

5. In order to obtain the third index number of M,,,.,,, we first derive 
all the index numbers m,_,,,. ; of the matrix M,_, ,, obtained by using the first 
n—1 columns of M,,,,,.. The fact that the number of columns of M,_, , is less 
than the number of rows requires, according to the conventions in paragraph 2, 
that the elementary and complete symmetric polynomials be interchanged (so far 
as rows and columns are concerned) ; and with this in mind we apply the u, v, H 
notation to M,_,,. Itis an M,_, in S,,,, and on it we have &+1 spreads o(r) 
of orders 1,=H,+1,,....,7,=H,+1,4,, which meet outside of M,_, ,=0 in the — 
points of S,,, determined by M,,,,,=0. This number is given by Salmon’s 
formula (73), which, with our present notation and the use of ¢ for the 
elementary symmetric polynomials in /,,....,1,,,, takes the form 


(Merb +. -+Tp41) + ft, (%, +%1%+ -2+e$%,)+.... + i, (¥,+7;) + Mies 
oe ee Totes e+ TT pt- | 


On the other hand, this number is given by 


— Mri, n; 1 Th—-2— 





O44 — Mri, n; 0 FK-1 
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Equating coefficients of t,,,_;, we get 


(75) H,=H\—(3 at Mn—1, n; —(4) HP, n; i —(h m9: j—2° 





If we begin with the obvious equations 1=1 and H,=4H,, and take also the 
j—1 equations (75) for 7=2, 3,...., 7, and if we multiply this system of j+1 
equations in order, beginning with the last, by 


(3), Gye Bit os am 
respectively, and add, we find that 
(76) Menvasea=(—1) TH —(4 are, + (2 )are,.... (12), 


due to the binomial formula 
ON EHOC HOC) 


ns ae ae CE a OY 


with the particular cases: S=1 if b=a, or if b=a+c; S=0 if b=0, or if 
b<a, or if b>a-+c, or if c=0, unless at the same time b=a. Hence, 


(78) 











The index numbers of 





coeeoeweoweer eee ee ewe ee we ow 


are given by (76), where H,=H.,, H,=i;+ i“, .v,+....+%,, and f,(%;) are the 
complete (elementary) symmetric functions of A,,... +5 Ay (d,,~ +++) by) 






6. This result will be applied now to the determination of m,,,,... In 
Sii3, M,,44,,—=9 defines an M,, the residual intersection of the aboveo(r) spreads 
on M,_,,,=0. From (51) and (70) we get the following equations: 












Mn+k,n; o=6,4,—A1» 
1° Mask, n; 1— —F, Mark, n; ot kA,, 






k+1 
Ma+k,n; _— (m,_1, n; 9— G2) Mn +k, n; o— 0, (Mas, 0; i+A,) —( 9 pre ‘ 





Here the index numbers in A, are obtained from (76), in which hereafter the 
H’s will be primed to distinguish them from the H’s formed for M,,,,. Let 
us first derive the value of A;. From the system of equations 
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oj = ("EF a+ G A mit. (Pte (Pte, 


and the following system obtained from (76) together with two obvious 
equations adjoined for convenience in summation, 


Manso = (A aS (1 sal, 


Mya 0= (1) HE (5 MA +(5 A, 


a (—1) 1H (5) ton®, 
My—1,n; -2= (—1) 7} A} +1=0; 
we find by applying (77) that 
A;= Zo, Mn—1,n; j-t==Fj42—2%(—1) a See aad! 
where in > r=0,....,7+2 and s=0,...., 7+2, whiler+s<j+2. Note that 
in 2 r,s occur only in the combination r+s, except with ¢,H{, and that 
= ¢,4,=H,, 


r+s=c 


If, then, r-+s be replaced by ¢, we get 


j+2 ; 
- -(I+t1l—k 
Oj+2 A;= 2 | 1) ae 


We are interested in the values j=k—1, k, k+1 only. When j=k—1, 


s° 


ae 


k+1 : 0 alia 
Sr Ani = 2 (1), py HH 


t=0 
The binomial coefficient is 1 when t=k-+-1, otherwise it is zero, whence 
go a 
2°. On41 Ap =A 


Since 64455 O43) ---- all vanish, we find for ;=k that 


—4,= (1), jf LEM, 
whence 
3°. —A,=—H,,,H\+4,.,. 
Similarly, 
4°, —A,,,=H,,, H’?—2H,,., H’ +H... 
52 














414 Coste: Restricted Systems of Equations. 


From 1° and 2° we again obtain (73), or 

5°. Mate, 2; o= Ay. 

From 1° and 3° we find that m,,4,.,:=—0,H,,,+kH; H,,,—kH,,,. Since 
—o, +kH,=—(Hi4+1,+....+1,4,) =—H,, we verify (74), or 

6°. Masens1=— AA tA, Ay}. 

From 1° and 4° we find that 

Mn+k,n; ee we H,4.+H;,4:}6,(H,—H;) —kH, t,—1, 
—H'?+2H' A —H;t. 

In the coefficient of H,,, the terms in k vanish, due to o,=H,+kH; and 
H,=+t,+Hi=7,+H_; the coefficient then reduces to H, (H,—H') —t,+H,?—Hi. 
This becomes H?—H,, due to H,=t,+7,Hi+H; and Hi=H’. Hence, 


. k+1 k+1 
ws Marner s=( > Hiss ( Pt )H, Hiss + (Hi—A,) Hyas- 


(79) The third index number of M,,,,,,, 18 given in 7°. 
The method used to determine the first two index numbers in (73) and 
(74) failed for the third, because for the composite two-way there was required 


the second relative index number of M,_,_,,_, as to M,_,_,,, (the (ay), of (51)). 
This can now be found by using m,4;,n;2, and as the result of a calculation simi- 
lar to those made above we have 

(80) The second relative index number of M,,, 4,1 48 to M,,,,,,, is 
—Hyfe+4, Heh. | 

7. The index numbers of M,,,,,, found thus far can be written 


Mn+k,n; 0= (9 Bes} ’ 


Mntk,n; =—{ (7) Bat (oF aa, 
Mn+k,n; 2 (CS Bat CT Byat("$") Faia}. 


On this somewhat slender basis let us generalize the formule and assume 
as a tentative formula for the general index number of M,,,,., 


; k+ 7—1 k+9—1l\3s 
(81) Mase,n; j= (—1)! {( TE Beis +( yar )H Aa, 
k+j—1\= 
a ~~ |! a ae 


+(OTE Beat OS al 
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In order to check this assumed formula, consider the matrix M,,,,. In 
this case 


Hy=UjtA,Weiitrimet-... +4; ie, H,—a, B=. 
SiOO Myo Mae « « « 29, 
Ay = (+A) eee Chetan), Fy iter =M Ai 


The M,,,,,=0 is regular, and its index numbers are formed from the complete 
symmetric functions of the orders; 2. e., 


. ‘- k+j\- k+j\- 
1°. as; = (1) Haft ( 1 ea t( Ae jo Ai 
k+j | 
+57 )ay 


2. jy =H, —a, A, +H, .—....+(—1)4a 


The values of @; in terms of the H’s are 


To prove this, we note that it is true for j=1; let us assume it true up to 
j=j, and prove it for j7=7. From the assumed formula, @;+A, “=H, for 
i=1,2,....,j7—1. Since 


= Cy jt — Me yo +s y_3—- +--+ (—1)/ 4, 
== (H,—A,) 1 (H,—A, H,) it; 2+ (H,—A, H,) [js 
°. +(—1)"(4,—4,0,.), 
By By yy =H (Bip a + Aa ya) —Ha (Gy a ts fia) ++ + (1H, 
=H, H, ,—H,H,.+....+(—1)°H,=,. 


This proves the above formula for i=), and therefore completes the proof 
of 2°. Substituting the values 2° in 1°, we get 


iti csiten meal OED) sasitll mae ni 
(—ays (EN, at = (yO Bie 


which is the same result as is given by (81). In this particular case the H’s, up 
to and including H,,,, are independent quantities. The further H’s are con- 
nected with the earlier ones by the equations H,,,,;=AjH,,,. The first homo- 
geneous relation which is a consequence of these equations is H,,, 4,,;—Hi42, 
which can occur first in my.4, 0: 443- 


(82) On the assumption that the index numbers of M,,,, can be given 
as polynomials in H,, the formula (81) is correct for the first k+3 index num- 
bers, and for these only except in the above case of an M,,,,. 
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That this assumption is correct can hardly be doubted in view of the above 
values for the first three index numbers of M,,,,,, and for all the index num- 
bers of M,,,,,M,_,,,, and M,,,. That (81) is not correct for values 7 >k+3 
is clear from the cases M, , and M,,,,,.. The index numbers of the determi- 
nant M,,,,, according to [(11), “R.S.,” I], are m,,,,, ;= (—-1)/H}, so that there 
must be added to the right side of (81) the following corrections for successive 
values of 7: 0,0, 0, 2(H, H,—H?), —5H,(H,H,—H?), 9H}(H,H,—H>) +2(H{H, 
—3H, H, H,+2H3) +2(H,H,—-4H,H,+3H}), —14H3(H, H,—H3) —7H, (H2H, 
—3H, H, H,+ 2H?) —7H,(H,H;—4H,H,+3H;),..... In the case of an /,,, , 
we find from (76) that the following corrections must be added to the right 
side of (81): 0, 0, 0, 0, 5(H,H,—H}),..... 

The only apparent law followed by these corrections is that they are semin- 
variants of the binary form with coefficients H,,,, His, Huis, Hpi, ete. 

Let us make, finally, an application of the index numbers of M,,,,,,, to a 
geometric enumeration. 

In S,,,,-, an S,_, is determined by nk conditions, and it is one condition 
that an S,_, meet a given S,_,inS,,,,,.. Weask, then, for the number of S,_,’s 


n—1 


which meet nk given S,_,’s in S,,,,. The S,_, is given by » linearly indepen- 
dent points within it; 7. e., by 


LX, n+k 


M +t, n — 


Dn n+k 
If the variables x,; be point coordinates in a space &,,,,,,,,, the » points deter- 
mine a point in &,,1,),-;- Simce any other n linearly independent points will 
serve the same purpose, the S,_, itself is represented by a2,2_,; NZ, (44,1. Take 
a section of &,,(,4,)—-, bya >,,, and in &,, theS,_, isrepresented by a point. Con- 
versely, a point in ,, is given by values x,, and determines an S,_, in S,,,,,_, 
unless the point of &,, is on the spread defined by the vanishing of M,,,,,.. The 
condition that S,,_, meet a given S,_, is linear in the determinants of M,,,,,,._ It 
is therefore represented by a spread of order in 2, on the manifold M,,,,,,,=0, 
whose dimension is k(n—1)—1. The number required is the number of points 
of &,, outside of M,,,,,=0, and on nk given spreads of order n containing 
M,4%,n=9. This number is 
k(n—1)—1 

(84) The number of S,_,’s which meet nk given S,,_,’s in S,,,,_, is given 
by O in (83), where myzx,n;; 18 the (7-+1)-th index number of a matrix M,.,,. , 
whose elements are linear forms. 


(83) O=n"*— 


j=0 
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9. Since, according to (82), we are limited to values j<k+3, i. e., 


k(n—1)—1<k+8, we can obtain the explicit number only for n=2, k= any 
integer, and for n=3,k<4. For a matrix M,,,, with linear elements, 


ee) «Le 
Putting these values for n=2 in (81) and substituting in (83), we find that 
ome casy{(AE1) (24 a (H2)( 24, pe 
enone —y'()(o)2 
HDCT VG) CT ET G3)" 
HOP YP Ae rT Gao) 


In the first brace note that 


r— Mert) =G— et 
whence it becomes 


Sree) Ca) (io a i ar CS 


2k 2k 
=—(k+2)(,°") )QQ—-1) 1 =— (k+2)G, A 
The second brace is 


Sy Cyr ed De E 1) Cr re . — 
+ (k+2) =(— 1)" gay As ee ne 


The first part of this, according to [11°, p.179, “R.S.,” I], is k 2 | at} and 


the second is — (k+2) a | _ oh whence the sum of the two is 


(2S (an =H gn 28+ 2a) +2) +H) 


Hence, 
) ! 
ais G- Mya) + +2)" = eee = mar): 


(85) The number of lines which meet 2k given S,_,’s in 8,,, 18 


(2k)! of) 1 
ki(k+1)! \k/K+1° 
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This well-known fact can be regarded as an excellent numerical check on 
the previous theorems. The case n=3, k=2 of (84) is the dual of the case 
n=2,k=3 of (85), so that the case n=3, k=3 of (84) remains. From (81) 
we find that the index numbers of an M, , in S, with linear elements are 


15, —108, 465, —30-51, 21-210, —42-244, 


whence 
0=3°— Ho 15 +(4)3" 108—(3 )3" 465 


+ (5)3*-30-51—(7)3-21-210-+42- 244 =49. 


(86) There are forty-two planes which meet nine given planes wm S,. 
This again is checked by Schubert’s formula, 


1!213!....r!f£(m—r) (r+1)]! 
(n—1)!n!’ 


for the number of S,’s which meet (r+1)(n—r) given S,_,_,’sin S . 





BALTIMORE, February 1, 1914. 











Character of the Solutions of Certain Functional Equations.“ 
By Tuomas EK. Mason. 





Introduction. 


By means of a transformation of the form z=(m2z+n)/(ra-+s), the 
equation t+ 





az+b\_ A’(z)F(z)+B'(z) 7 
aa “Hakata «|| Poe 
in which A’(z), B’(z), C’(z), D’(z) are rational, can be transformed to the 
ordinary difference equation 
| A (x) p(x) + B (2) 7 
i= ; M 
VFN = Clay h (a) +D (2) = 





or to the q-difference equation 
_ A(a) p(x) + B(x) 

¥ (9%) = © (ay (@) + D(a)’ o 
where A(z), B(x), C(x), D(x) are rational, according as the substitution 
2’ = (az+b)/(cz+d) has one or two double points. In order to do this it is 
sufficient to choose the transforming substitution so that in the first case the 
single double point in the z-plane is carried to the point infinity in the 2-plane, 
and in the second case the two double points in the z-plane are carried to the 
points zero and infinity in the z-plane. The determination of the character of 
the solutions of equations (M) and (N) obviously carries with it the deter- 
mination of the character of the solutions of the more general equation from 
which they were derived. 

Tietze ¢ has investigated the solutions of equation (M) from the point of 
view of their transcendentally transcendental character, and Stridsberg§ has 
investigated the solutions of equations (M) and (N) from the point of view of 
their algebraically transcendental character. Tietze normalized to the equation 








* Read before the American Mathematical Society, September, 1913. 

+ This equation is linear or non-linear according as C (#) =0 or C (a) #0. 

t Tietze, Monatshefte fiir Mathematik und Physik, XVI (1905), pp. 329-364. 

§ Stridsberg, Arkiv fér Matematik, Astronomi och Fysik, VI (1910), Nos. 15 and 18. The linear 
equation is considered in No. 15, and the non-linear in No. 18. 
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o(x){1+9@(*%+1)}=r(a#) and showed that if lim r(#)=0 and the equation 


has no rational solution, then it has only transcendentally transcendental solu- 
tions. Stridsberg showed that if the equations (M) and (N) have no algebraic 
solutions and C (a) #0, then their algebraically transcendental solutions, if 
any exist, also satisfy certain Riccati equations. I had proved a theorem * 
essentially equivalent to this important theorem of Stridsberg before the work 
of that investigator came to my attention. 

The investigations of these men were incomplete. Neither gave a method 
of determining the algebraic solutions, and each left unanswered an important 
question—the question of whether there ever exist algebraically transcendental 
solutions in case the equation has no algebraic solution. Tietze says con- 
cerning the restriction of his theorem to the case when lim r(x) =0: “Es mag 


r= 


dahingestellt bleiben, ob der Satz, dass eine Gleichung (2) [@(x) }1+9(x2+1) } 
=r(x)], die keine rationalen Losungen hat, auch keine algebraische-transcen- 
dental Losungen besitzt, ohne Einschrankungen tiber r(x) gilt.” Stridsberg 
quotes these words of Tietze and follows them with the remark: “Je suis tout 
d’ accord avec M. Tietze sur ce dernier point.” 

This conjecture of these men was wrong. In this paper I have demon- 
strated the existence of algebraically transcendental solutions in certain cases 
where the original equations have no algebraic solutions. The proof of exis- 
tence is made to depend upon the known properties of the second-order linear 
difference equation. 

The methods of this paper will suffice to completely characterize the solu- 
tions of any given equation of the forms (M) and (N), except where the theory 
concerning the solutions of the corresponding second order linear equation is 
incomplete. 

The norma] equations, 

(2) @(w+1)=R(a) and (x) (qx) =R (a), 
to which certain equations of types (M) and (N) can be transformed, are of 
special interest in that I give simple necessary and sufficient conditions for 
rational and algebraic non-rational solutions; and in case there are no algebraic 
solutions, I prove that there are no algebraically transcendental solutions. 

In $1 the linear and non-linear equations are both normalized to type- 
forms, and explicit formulas are given for writing down the normal form of 
any given equation. It is shown that a non-linear equation can be transformed 
to a linear equation if a rational solution of the non-linear equation is known. 








* See §5 of this paper. 















Mason: Character of the Solutions of Certain Functional Equations. 421 


In § 2 methods are given for determining all the rational solutions of any 
equation of the forms considered. The characterization of the solutions of the 
linear equation is completed in this section. 

In §3 algebraic solutions other than rational solutions of the normal 
forms of equation (N) are shown to exist in some cases, and the method of 
determining them is made to depend on finding the rational solutions of certain 
auxiliary equations. 

In $4 are given the conditions which must be satisfied in order that a 
function can at the same time be a solution of the functional equation (M) or 
(N) and of a Riccati equation. Equations are exhibited which have no algebraic 
solutions but which do have algebraically transcendental solutions. 

In $5 I state a condition that an equation have only transcendentally 
transcendental solutions. A list of several classes of equations which have 
only transcendentally transcendental solutions is included in this section. 


§1. Transformation to Normal Forms. 


Instead of writing y¥(%-+n) or y(q"%) we shall write y, (a) for ¥(4%+7) 
or for y(q"x), according as we have the ordinary difference or g-difference 
equation. We shall also write y_, (a) for y(x—n) or for y(q-"2). 

In the equation 


_ A(#) (a) +B(2) 
Y= Ga) da) + D(a)’ 





make the substitution 


_ a(%) Q(x) + 8(z) 3 (4) — 
P(x) = y (x) 2(a) + 3(a)’ a(x) 0 (x) B(x)y (a) +0, 
where a(x), B(x”), y(x), 6(a) are rational. Clearing the resulting equation 
of fractions, we have 


OQ, (@) Q(x) a, (x) [a(x) C(x) + (x) D(x) ]—y,(%) [a(x) A(x) +y (x) B(x) Jj 
+Q,(#) }a,(x) [B(w) C(x) + 6(%) D(x) ]—y,(x) (B(x) A(x) +86(2) B(x) ]} 
= 0.(x) $6, (”) [a(v) A(x) + y(%) B(x) ]—B, (x) (a(x) C(x) + y(a") D(x) 1} 
+ }6,(«) [B(~) A (a) +6 (”) B(x) |—8,(%) [B(@) C(x) +¢(%)D(x)]{. (1) 


This equation is linear provided that the coefficient of 0,(”) Q(%) is zero or 
that the coefficient of Q,(z) and the term not containing Q(x) are zero. If 
the coefficient of 0,(2) Q(x) is zero, the original equation has the rational 
solution a(”)/y(a); and if the term without Q(#) is zero, it has the rational 
solution B(x)/é(%). If A(#)+B(x%)=C(x)+D/(x), there is the obvious 
53 

















422 Mason: Character of the Solutions of Certain Functional Equations. 


solution ~(xv) =1, and the equation can be transformed to a linear equation 
and studied in that form. Any other rational solution will effect this trans- 
formation to a linear equation. If there is no obvious rational solution, we 
choose a(x) =y(x)=1, B(x) =B(x)—D(a) and 6(x)=C(x)—A(a). These 
values of a(”), B(x), y(”), 6(x) reduce the coefficient of Q,(”) to zero, but do 
not make the coefficient of Q,(7) Q(x) or the term without Q(x) zero, unless 
the original equation has the solution ¥(z)=1. Making these substitutions 
in (1) and reducing, we have 


Q, (2) = 2) na), 





Q (x) 
where 
g(x) = (B(#)C(#) —A (a) D(a)) (A, (2) +B, (2) —C, (2) —D, (2) ) 
A (a) +B(x)—C (x) —D(za) 
and 





A (a) + B(a)—C (a) — D(a) 
If h(x) +0, the substitution 
Q (a) = h_, (2) 9 (a) 
will transform the equation to 





_ R(2) ; 
9, (2) = o(zy) (2) 
where 


h_,(x) h(a) ° 
If h(x) =0, the substitution 
O(a) = (9=(@) — 9 (#)) o(2) — 9 (2) A—9g(#)) 
(g_,(@)—g(%))o(%)—(1—g_,(#)) 
will give an equation of the form (2), where 
_ g(x) (1—9,(x)) (1—g_,(2)) 
(9 (%)—9-4(#)) (g,(@) —g(a)) ° 
The determinant of the transformation and the denominator of the expression 
for R(x) can be zero only when g(x) =g, a constant, in which case the equation 
Q, (%) =g/Q(a) has the obvious rational solution O(a) = Vg and can be trans- 
formed to a linear equation. 

Thus, we have shown that any non-linear equation of the forms considered 
can be transformed to the normal form (2) or to a linear equation. It is 
obvious that the transformations here carried out have not affected the solu- 
tions as to their rational, algebraic non-rational, algebraically transcendental, 





R (a) 
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or transcendentally transcendental character. If a linear equation is trans- 
formed to the normal form (2), it is obvious that the normal form has a rational 
solution; for the transformation is reversible, and a necessary and sufficient 
condition that a non-linear equation of this form transform to a linear equation 
by means of a linear fractional transformation, is that the non-linear equation 
have a rational solution. 

The equation in Y(z) can be transformed to the special normal form 
R (x) 
9 (2) ©) 
in certain cases; that is, when the transformation can be chosen so as to make 
the coefficients of Q,(x) and Q(x) in (1) equal to zero. 

In the non-homogeneous linear equation 


Y, (a) = A(x) P(x) + B(x), 


?, (x) = 





make the substitution 
v(x) = a(x) p(x) + B(x). 
Thus we have 
a, (2) a, (x ) 
This becomes homogeneous if the original equation has a rational solution 
and 8(a) is chosen as that solution. In any event we can. choose B(x)=0 


and a(x) = B_,(x), and the equation takes the form 


$,(%) = R(x) (a) +1. (4) 


9 (") + 





§ 2. Rational Solutions of the Normal Equations and Other Solutions 
of the Linear Equations. 


The equation we 

x 
9 (2) * = 
has two very simple cases. If R(x) is a constant, there is always a rational 
solution @(#) = aconstant. In the case of the q-difference equation, if q is 
an n-th root of unity, the solutions can be obtained by eliminating from the 
following equations the functions @ with arguments other than x, and solving 
the resulting algebraic equation of second degree for $ (2) : 


?, (x) = 


_ (x) _ 
(9%) =F) 1, 
@ (qa) = 2142) _ 1 


o(qx) 
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For the case of the ordinary difference equation and of the q-difference 
equation when q is not a root of unity, we seek to determine an upper bound 
to the number of rational solutions of equation (2) by substituting a power 
series for ¢(x). This method gives at most two determinations for the first 
coefficient of @(x). Suppose that two solutions @(a) and (x) have the same 
first coefficient; we desire to know whether they are identical. We have 


(x) j{1+9,(%) {= R(x) = (x) {1+ 4, (2) 5, 


1+ $,(%) _ (2) 
1+9,(%)  9(x)° 





Now suppose 

O(2) = a2" + .... 4G" +4 0" * + oo Xs 

(x) =a, 0" + .... $0,445,007 114+ 56, a7 + ...., b,_, #9, 
where a,_,+ b,_,, but the corresponding preceding coefficients are equal. 

In the ordinary difference equation the expansions for ¢, (x) and ¥, (x) 
when rearranged as descending power series, will have each term after the first 
modified by the addition of elements from the terms preceding. Since the 
expansions for @(x) and J(a#) are alike up to the term containing «#"~', the 
coefficients of x" in the expansions of @,(x) and ¥,(#) will be of the form 
a,.+¢ and b,_,+ c¢, respectively. We shall thus have 

RAG) a1 4 Pet fete 4 Sie (5) 


and 


1+4,(2) A, + Oon . 1 if n=0, 
provided that we do not have simultaneously » =0 and a, = —1. 
When x= 0 and a, = —1, the first term of the expansion for 1 + p, (2) 
is a_,« *, k21. In this event, the second quotient above is either 


1p at tg tte oor ee aig 
—t 


a_y, 


1+ (4) 4 Gut Ont gt 4 an 8, = {t if n+ 0, (6) 


according ask <¢ or k=t. In the first case there is no term in the quotient 
W(2)/o(x) to compare with the term in a ‘**, and hence a_,=b_,; in the 
second case a_,/b_,=1; that is, a_,=b_,. 

















Mason: Character of the Solutions of Certain Functional Equations. 425 


Comparing the expansions (5) and (6), we have, for n+#0, b,_,=a,_,. 
Comparing for n=0, we have either a_,=b_, or a4,=—1/2. When n=0 
and a) = —1/2, the expansion for R(x) in descending powers of 2 obviously 
starts with the constant —1/4. 


Since there are at most two ways for the expansion for @(x) to start, the 
work above shows that there are at most two formal power-series solutions, 
except when the expansion for R(x) in descending powers of « starts with the 
constant —1/4. The number of rational solutions is not greater than the 
number of power-series solutions. 


We have thus demonstrated the following theorem: 


The equation 

_ R(x) 
(2) 
can have at most two rational solutions, except possibly when the expansion 
for R(x) wm descending powers of x starts with the constant* —1/4. 


1 





¢(« +1) 


For the q-difference equation we have 


p(x) = Gi Gy, —t 
tne BONS ce 





and 


L4G) 4 tide 5 {0 if n £0, 
1+, (2) a, + Son * [1 if n=0, 


provided that we do not have simultaneously n = 0 and a, = —1. 


n—t »~.—t?t 
ee es a acta 


When x=0 and a,= —1, the same argument as that given for the ordinary 
difference equation will show that we must have a_,—b_,. When this case 
does not arise, by comparing coefficients we readily have either 


ant = b,. or a, (q" + q”*) + Con — 0. 





* That there is an actual exception in this case is shown by the following examples: If R(«) is taker 
equal to —1/4, equation (2) has the solutions 
=—IA 5 ae 
o(@@)=—1/2 and g@=—y ire, 
where a is arbitrary.” Another example can be obtained from the equation given by Tietze (loc. cit., foot-note, 
p- 330) to show the existence of rational and algebraically transcendental solutions at. the same time. 
The equaticn 
— __ (r («) —r (w©—])) (r (@ +2) —7r (@ +-1)) 
wv) {1 e+1)$:=— - — eg 
PONTO OTDI=~ Ge e+) —r@—)) € @F2—T @) 
where r(a#) is any rational function, has the solutions 
7 (@) —1r (@—1) and g (a) =—  (@) — 7 (@—))) (U(@) +r (@+)) 
r (w+ 1) —r (e@—1) (r (@+1) —r (@—1)) (u (a) +7 (a))’ 
where wu (#) satisfies the equation u (#+1)—wu(a#). If u(x) is chosen a constant, we have a rational 
solution with an arbitrary constant. 


(x) =— 
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This latter equation can be satisfied only when n +0 and q is a root of unity, 
or when n=0 and a,= —q‘/(1+q'). There are, therefore, for the g-difference- 
equation case at most two rational solutions, except possibly when the expansion 
for R(x) in the neighborhood of infinity starts with the constant —q‘/(1+q')?. 
If we use expansions valid in the neighborhood of the origin, we find that there 
are at most two rational solutions, except possibly when the expansion for R(x) 
starts with the same constant as for the expansion at infinity determined above. 


Consequently, we are led to the following theorem: 


The equation 

R(x) _ 4 

Q(x) 

has at most two rational solutions, except possibly when the expansions for 
R(a) in the neighborhood of the origin and of infinity start with the constant 
term* —q'/(1+ q')*, where t is an integer. 


o(qx) = 


The power-series expansions, while of value in determining an upper bound 
to the number of rational solutions, are not effective for the actual construction 
of these solutions. The following method, however, is practicable and suffices 
to determine all the rational solutions of any given equation of the types under 
consideration. 


If the equation has a rational solution @(2), we can write | 
p(x) =aP(%)/Q(%) and R(x) =rp(x)/x (a), 
where a and r are constants and P(x), Q(x), p(”), 2(”) are polynomials with 
the leading coefficients unity, and the fractions P(x)/Q(x) and p(x)/m(ax) are 
in their lowest terms. We have 
gE (®) (aPi(%) + Q (2) ) — >, P(X) 
Q (x) Q, (x) 7 (x) 

Now, P(x) and Q,(”) may have a common divisor, as may also aP,(x) + Q, (x) 
and Q(x). Write 





P(a) _ a(x) ] aP, (2%) +Q,(%)\ _ y (x) 7 
ol ge and a =r ; (7) 
Q(z) B(x) Q (x) 6 (@) 
* An exception will be shown if we choose R (4) =—2/9, where q=2 and t=1. With this value 
for R(x), equation (2) will have the solutions 
- ee, OP ccs 2s ——— 4 
e@=—13, ¢@=—28, o@=— SEE et, sm=sepe”’ 


where m takes each of the values of the cube roots of unity, and @ is an arbitrary constant. Another 
example could be obtained if, in the example of Tietze already given, we replace the ordinary difference 
by the q-difference. 
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where a(x)/@(x) and y(x)/é(a) are in their lowest terms. Then a(x) y(2) 
= p(x) and B(x) 6(%)=2(x). Combining the two equations (7) to eliminate 
P(x), we have 


G a(x) O(a”) Qy(x) + 4B, (x) d(x) Q, (x) —1 B,(%) (x) Q(z) =0. (8) 

Hence, if there is a rational @(7), it must be possible to separate p(x) into 
factors a(x) and y(x), and a(x) into factors B(#) and ¢(x) in such a way 
that this equation in Q (2) has a solution which is a polynomial with leading 
coefficient unity. This value of Q(x) must also, when substituted in the first 
equation of (7), give P(x) a polynomial with leading coefficient unity. Direct 
substitution in equation (8) of a polynomial Q(x) of degree » will determine 
a,n and the coefficients of this polynomial, if any exists. Since there are only 
a finite number of ways of breaking p(x) and x(x) up into polynomial factors, 
a finite number of trials will give all the rational solutions of the original 
equation. 

Turning now to the special normal form (3), we shall prove the following 
theorem : 

A necessary and sufficient condition that the equation 
R (a) 
> (x) 





9, (4%) = 


have a rational solution, is as follows: 

1) To every finite zero* [pole] of R(x), except at the point x=0 for the 
q-difference equation, there 1s a congruent zero [pole] at an odd number of 
steps away,t or a congruent pole [zero] at an even number of steps away. 

2) In the case of the q-difference equation, if x =0 is a zero or pole of 
the m-th order, then m is even. 

In the case R(x) = a constant, there are no zeros or poles, and the con- 
ditions of the theorem are satisfied. 

If R(x) has a zero [pole] at a, then, from the equation, we see that either 
(xz) has a zero [pole] at a or $,(x) has a zero [pole] at that point. We 
shall consider the consequences of the two alternatives, 

(1) (a) has a zero [pole] at a; then $,(”) has a zero [pole] at a_,. 
If R(x) has no zero [pole] at a_,, then @(x) must have a pole [zero] at a_,, 





* A zero [pole] of multiplicity m is to be counted as m simple zeros [poles], and the zeros or poles 
which balance it need not be at the same point. Thus, a zero of order 5 may be balanced by a congruent 
zero of order 3 an odd number of steps away (see next foot-note) and a pole of order 2 at an even number 
of steps away. 

{ If there is a zero or pole at a, then a zero or pole at a+ [aq”] will be said to be congruent on 
the right at n steps away from a, and a zero or pole at a—n [aq-”] will be said to be congruent on the 
left at n steps away from a. The first will be denoted by an and the second by a—n. 
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in which case @,(z) has a pole [zero] at a_,. Then either R(x) has a pole 
[zero] at a_, or @(%) has a zero [pole] at a_,, and consequently @, (x) a zero 
[pole] at a_,. Then R(x) has a zero [pole] at a_, or (x) has a pole [zero] 
at a_,, ete. 

(2) ,(x%) has a zero [pole] at a; then @(x) has a zero [pole] at a,, in 
which case # (x) has a zero [pole] at a, or @,(2) has a pole [zero] ata,. If 
,(z) has a pole [zero] at a,, then g(x) has a pole [zero] at a, and R(x) 
must either have a pole [zero] at a, or $,(x) a zero [pole] at that point. If 
, (x) has a zero [pole] at a,, then @(x) has a zero [pole] at a, and R(x) has 
a zero [pole] or 9, (z) has a pole [zero] at a,, ete. 

It is thus seen that, if the zeros and poles are not arranged as stated in 
the theorem, the function @(z) will have an infinite number of congruent zeros 
and poles. The condition is therefore necessary to the existence of a rational 
solution. 

That the condition is sufficient is seen in the fact that, if the zeros and 
poles of R(x) occur as stated in the theorem, we can at once write down a 
rational solution. 

We have shown that a non-linear equation of type (2) can be transformed 
to a linear equation, provided that the non-linear equation has a rational solu- 
tion; and we shall now consider the solutions of the linear form. Thus we shall 
complete the theory of the non-linear equation when it has a rational solution. 
In $1 we have shown that the non-homogeneous equation can be reduced to the 
homogeneous equation, if a rational solution is known, and in any case it can 
be transformed to the normal form 

}, (%) = R(x) p(x) +1. (4) 
We shall now show how all the rational solutions of equation (4) can be found. 

If, in any set of congruent poles, @(x) [,(x) ] has a pole to the left [right] 
of the leftmost [rightmost] pole of R(x), then 9,(x) [@(”)] has a pole at one 
step (see foot-note, p. 000) to the left [right], and to balance the poles would 
require that @(x) have an infinite number of poles. The order of any pole of 
(x) can not be greater than the sum of the orders of the congruent poles and 
zeros of R(x). If @(#) has a pole to which there is no congruent pole or zero 
of R(x), it must have an infinite number. By substituting a power series in 
descending powers of x for @() and finding the degree of its first term, we 
can determine the relative number of zeros and poles of @(z). Knowing the 
possible location of the poles and the relative number of poles and zeros, we 
have reduced the finding of the rational solutions of this normal form to the 
solving of a finite number of simple algebraic equations. 




















Mason: Character of the Solutions of Certain Functional Equations. 429 


For the homogeneous linear equation we have the following theorem: 


A necessary and sufficient condition that the equation 


, (%) = R(x) (2) 
have a rational solution (other than zero and infinity) is that the congruent 
zeros and poles of R(x) can be paired, a zero and a pole together. If R(x) is 
a constant, it must be 1 for the ordinary difference equation or a power of q 
for the q-difference equation. 

That it is a necessary condition is shown as follows: If R(a) has its left- 
most pole [zero] at a, then either: 

(1) (x) has a zero [pole] at a and $,(x) a zero [pole] at a_,; to balance 
this, either R(x) has a zero [pole] or ¢(x) must have a zero [pole] at a_,, and 
,(x) therefore has a zero [pole] at a_,, ete. 

Or, (2) ,(%) has a pole [zero] at a and (2) a pole [zero] at a,; then 
either $,(x) has a pole [zero] at a, or R(x) has a zero [pole] ata,. If 9,(zx) 
has a pole [zero] at a,, then (x) has a pole [zero] at a,, and either ¢$,(x) 
has a pole [zero] at a, or R(x) has a zero [pole] at a,, ete. 

Thus, to every zero [pole] of R(a) there must be a congruent pole [zero], 
or $(x) will have an infinite number of zeros [poles]. 

That this is a sufficient condition can be seen from the fact that, if the 
zeros and poles occur as stated in the theorem, a rational solution can imme- 
diately be written out. 

By methods similar to those employed in the next section for the study of 
the non-linear equation, it can be shown that there may be algebraic solutions 
other than rational solutions of certain linear q-difference equations, provided 
that the expansions of R(x) in the neighborhood of infinity and of the origin 
start with a constant which is a fractional power of g. The method of finding 
such solutions is given in § 3. 

Stridsberg has shown* that if the equation 


@(x+1)=R(x)p(x)+a, a=1 ord, 


has an algebraically transcendental solution @(x), that solution can be written 
in the form 

$ (x) = P(“) G(x) + Q(x), 
where Q(2) is a rational solution of the original equation and P(2) is a rational 
solution of 


ST Bay, lim R(x) =c, c0, $0, 


P(#a#+1)= 





* Loc. cit., p. 2, No. 15. 
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and where G(2) satisfies the functional equation 
G(x#+1)=cG(a), 
and also satisfies a differential equation with constant coefficients. 

From the discussion above concerning rational solutions of linear equations, 
it is easy to find, for any particular equation, whether it has algebraically tran- 
scendental solutions. 

For the q-difference equation Stridsberg has shown that if the equation 

(qx) = R(x) o(x2) +4, a=1 or 0, 
_ has an algebraically transcendental solution (x), that solution can be written 
in the form 


(x) = P (2) (@ (x) + nee) + Q(x), u a constant, 


where G(x) satisfies a differential equation with constant coefficients and also 
satisfies the functional equation 
G (qx) =c2'G(z), 
where c is a constant and / a rational number. If wu #0, then cv'=1. 
Thus, either the equation 


Pige) Pia) 


and the original equation have algebraic solutions or the equations 
P(qv)=R(a)P(%) and Q(q%)=R(x)Q(x)—uP(qu) +4 

have algebraic solutions, according as uw is or is not zero. Hence, there are 

algebraically transcendental solutions of the linear g-difference equation of the 

forms considered, only when one of the sets of equations above has algebraic 

solutions. 

From the results of the preceding paragraphs we conclude that the linear 
ordinary difference equation of the forms considered has only transcendentally 
transcendental solutions, unless it has a rational solution; and that the linear 
q-difference equation of the forms considered has only transcendentally tran- 
scendental solutions, unless one of the sets of equations above has algebraic 
solutions. 

We can now readily see, by use of the theorem concerning rational solutions 
of the homogeneous equation, that the function [' (x) is transcendentally tran- 
scendental, as was proved by Holder.* Likewise, it is easy to show that the 
solutions of the equation ¢(qx) = (1+ %)9(zx), discussed by Stridsberg, are 
transcendentally transcendental. 





* Mathematische Annalen, Vol. XXVIII (1887), pp. 1-13. 
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§ 3. Algebraic Solutions Other than Rational Functions. 


From the equations (M) and (N) it is evident that if there are singularities 
of the solutions, other than poles, in the finite plane, the origin excepted for 
the q-difference equation, there is an infinite number of such singularities. 
The only algebraic solutions for the ordinary difference equation are therefore 
rational functions. The origin may be a branch point in the q-difference 
equation, and its algebraic solutions are therefore rational in v7, j>1. We 
have in this section to study only the q-difference equation. 

In order to find what values j can have, make substitution of a descending 
power series in x!” in equation (2), and we have 


(a gi + a,_, g-D/i +... a (1 + a, qi gi +a4,_, q@—D4 ge-DA +... .) 
n — — 

Se oe ee di, ee 
Equating coefficients, we have n/7 = m/2 and 


ang" =Tp, 
form>0. If m is even, the first exponent is an integer; and if m is odd, it 
is a multiple of 1/2. If it is an integer, no fractional exponent can enter the 
expansion; for, if a fractional exponent //7 enters, the equation for the deter- 


mination of its coefficient will be 
a, a, (q"’? + q'”) = 0. 
If q is not a root of unity, we shall have a,=0. If m is odd, there can be no 
other exponents than multiples of 1/2. Suppose, an exponent not a multiple 
of 1/2 enters, say k/j._ The equation for the determination of the corresponding 
coefficient will be 
a, a, (q"” + q*1) =0, 
since m/2 + k/j is not an integer. Hence, if g is not a root of unity, a,=—0. 
If m < 0, the first exponent will be an integer, and the same argument as 
that given above will show that no fractional exponent can enter unless q is a 
root of unity. 
If m= 0, the first coefficient will be determined by the equation 


a+a=%- 
If a fractional exponent —//7 enters, the equation for determining the corre- 
sponding coefficient will be 
a_,(4+l+aq™) =0. 
Hither a_,=0 or a,=—q"”4/(1+q"”); in the latter case, r, =—q”4/ (1+ q")?, 
Consequently, 7 is either 1 or 2, except possibly when the expansion for 
R(x) in the neighborhood of infinity starts with the constant r, above deter- 
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mined. Similarly, if we used expansions valid in the neighborhood of the 
origin, we should find that 7 is either 1 or 2, except possibly when the expansion 
for R(x) starts with the same constant r,. 





We thus have the following theorem: 

If R(x) is infinite of odd order both at zero and at infinity, the equation 
R(a) 
} (x) 
where q ts not a root of unity, can have no algebraic solutions other than those 
which are rational in x? but not in a. 

If the expansions for R(a) im the neighborhood of zero and of infinity 
start with the constant —q”i/(1+q")?, where l and j are positive integers, 
there may be solutions rational* in x), 

In all other cases any algebraic solution is rational. 






9? (qx) = 


? 



























If @(z) is a solution rational in x, we can write it in the form 
i) 2: 2) ee OO) +... ee 
? ~— P' (a) + ea Q’ (x) + ek awP4S' (x) + .... +e aT" (x)’ 
where ¢ is 1 and P (2), P’ (x), Q(a), ete. are rational in x Then the above 
expression is a solution when ¢ is any j-th root of unity. 
If there are solutions of the normal form (2) which are rational in «”, 


then the equation 
_ R(x’) 


} (x) 
has corresponding solutions rational in « The methods of the section on 
rational solutions will enable us to determine those solutions. Hence, we can 
find all the algebraic non-rational solutions of a given equation. A similar 
process will enable us to find all the algebraic non-rational solutions of the 


o (q' x) 


linear equation. 


* That solutions rational in fractional powers of x do exist is shown by the following examples: 
For gq=4 and R (x) =2 (w—1/9) the normal equation (2) has the solutions 

¢ (w) =+ a" —1/3. 
For g=8 and R (a) =—2/9 equation (2) has the solutions 


$(e) =—1/3, 9 (a) =—2/3, o(o) =— 22 tae ee, $(0) = Fae be) » 





where m takes the values of the three cube roots of unity and a is arbitrary. 

__2(a@?—9a2+1) 

9 (xv? ++ 9a+ 1) 
__ 2a7+mea"s+ mae? —] 

? (x) = aaa 7 (e+1 > 


where m takes the values of the three cube roots of unity. 


For g=8 and R (2) = equation (2) has the solutions 





















Mason: Character of the Solutions of Certain Functional Equations. 433 


Concerning the normal form (3), we have the following theorem: 
If R(x) is infinite of odd order both at zero and at infinity, the equation 
R (x) 
qu) =— 
o (92) =o 
where q is not a root of unity, can have no other algebraic solutions than those 
rational in x but not in a. In all other cases the only algebraic solutions 
are rational. 


These algebraic non-rational solutions can be found by finding the rational 
solutions of 
— Bt (x*) 
p(x) 


The proof of the above theorem follows the argument for the other normal 


o(q'?2) 


form so closely that it will not be given here. 


§ 4. Algebraically Transcendental Solutions. 


Stridsberg proved that, if the normal equation (2) has no algebraic solu- 
tion, its algebraically transcendental solutions, if any exist, also satisfy a 
Riccati equation with coefficients rational in x. 

While proving this theorem, Stridsberg seems to have doubted the existence 
of such functions, as has been noted in the Introduction. 


Assuming that @(x) satisfies the two equations 


_ R(x) _ 9 
and 
9 (x) + L(x) (p(x) {(?+ M(x) (x) + N(x) = 0, (8) 


where L(x), M(x), N(x) are rational, we shall find some conditions which 
enable us to put the theorem in a different form. 


We have from (8), by changing the argument, 
9 (%) + L, (x) }o, (x) {? + M, (2) 9, (7) +N, (x) = 0. (9) 


Substituting in (9) from (2) so as to have only the argument x in the function 9¢, 
we have | 


@ (0) R’ (22) —R (a) @ (2) Ri) 4)" Ria) _ ue 
ete +L,(2) {28 1} + a (a) {oe 1} +M,(2) 0. 


In this equation and what follows, « is to be considered 1 or q, according as we 
have the ordinary difference or the q-difference equation. 
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Comparing this equation with (8), after clearing of fractions and dividing 
by the coefficient of o’ (x), we have the following equations which L(x), M(x), 
N (x) must satisfy: 
N (x) + aL, (x) R(x) =, | 
M (”) R(x) —2aL,(x) R(x) + aM, (x) R(x) + R’ (x) =0, (10) 
L (a) R(x) + aL, (%)—aM, (x) + aN, (x) =0; 


or, by elimination of M(x) and N (x), we have the equation 
aR, (x) Ly (x) + @ }R, (v) +1} L, (x) —a}R, (x) + 14D, (x) 
—R (x) L(%)—aR,(")/R,(z)=0. (11) 


This equation puts all the restriction on R(x) that the system of three equations 
above does. That is, in order that equation (2) have a solution (x) which is 
also a solution of (8), it is necessary that (11) have a rational solution L (2). 
This last sentence is simply another statement of the theorem. 


We want to prove that this necessary condition for algebraically transcen- 
dental solutions is also sufficient. In order to do this, set 


D (x) = @' (a) + L (x) \o(%){? + M (x) o(%) + N (2), 


where L(x), M(x), N(a) satisfy the relations (10). A necessary and sufficient 
condition that a solution @(#) of the equation (2) also satisfy the Riccati 
equation, is that D(x)=0. Now, 


D, (x) = 9 (@) + LD, (@) {@, (@) {? + M, (x) , (2) + N, (a). 


Multiply the equation in D(x) by R (x)/} (ax) }?, the equation in D,(x) by a, 
and add, making use of the equations (10). Then we have readily 


D(a) _ Rw) 
D (x) a} (a) (2 
This equation shows that, if there is a solution @(%) of equation (2), in 
the case of the ordinary difference equation, which is asymptotic to a power of 
x times a descending power series in any fractional power of x, the only possible 
value of D(x) is zero, except when the expansion of R(x) in the neighborhood 
of infinity starts with the constant —1/4. Im the case of the q-difference 
equation, g not a root of unity, the exception is when the expansions for R(x) 
in the neighborhood of zero and of infinity each start with the constant 
—q/(1+ 4)’. 
We shall now determine when equation (2) has solutions which are asymp- 
totic to a power of x times a power series in 1/z or in 1/V/x. The substitution 
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@ (x)= %,(x)/(x) will transform the normal form (2) to the second-order 
linear homogeneous equation 


(x) + ¥, (v) — R(x) p(x) = 0. (12) 
We prove in the next section that if R(a#) has a zero at infinity, then equation 
(11) has no rational solution, so that we shall not consider such an R(x) here. 


For the ordinary difference equation, if R(x) has a pole of even order at 
infinity or approaches a constant different from —1/4 as x approaches infinity, 
then the works of Carmichael* and of Birkhoff+ show that there is a solution 
of equation (12) such that, when we form the quotient ¥, (~)/ (a), it has the 
property of being asymptotic to a power of a times a power series in 1/2. 
When R(x) has a pole of odd order at infinity, it can be shown{ that the 
linear equation (12) has a solution ~(a) such that, when we form the quotient 
v,(”)/v(x), it has the property of being asymptotic to a power of x times 
a power series in 1/\/z. 


For the qg-difference equation, if R (#) has a pole of even order at infinity 
or approaches a constant different from —gq'/(1-+q‘)?, where ¢ is an integer, 
as x approaches infinity, then the results of a paper by Carmichael§$ show that 
the quotient ,(x)/ (xv) has the property of being asymptotic to a power of 
x times a power series in 1/xz. If R(x) has a pole of odd order at infinity, 
we can replace R(x) by R(a2?) and q by Vq, and have an equation to which 
the results of the paper mentioned are applicable. Making the reverse sub- 
stitution in the solution of the new equation, we shall have for the quotient 
vy, (”)/ (x) a power of x times a power series in 1/\/x. 


From these considerations it follows that in each case there will be two 
solutions of equation (12) asymptotic to such formal expansions that, if we 
form the quotient @(”) =, (x)/(a), it will be asymptotic to a power of 
a times a power series in 1/z or in 1/Vz. 


From the results thus obtained we have the theorem: 


If,as x approaches infinity, R(x) does not approach the constant —a/(1+a)?’, 
where ais 1 or q according as we have the ordinary difference or the q-difference 
equation, and the equation 
R(x) __ 1 


9 (2) ” 


9; (x) = 





* Transactions of the American Mathematical Society, Vol. XII (1911), pp. 99-134. 
+ Transactions of the American Mathematical Society, Vol. XII (1911), pp. 243-284. 
= Lectures of Dr. Carmichael at Indiana University, 1913-14. 

§ AMERICAN JOURNAL OF MATHEMATICS, Vol. XXXIV (1912), pp. 147-168. 
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has no algebraic solution, a necessary and sufficient condition that equation (2) 
have a solution which is algebraically transcendental is that the equation 


a® R, (x) L, (a) + a2 {R,(@) + 1} L, (x) —a}R, (x) +1} L, (2) 
— R(x) L(#)—aR,(x)/R,(z)=0 (11) 


have a rational solution L(x). Any solution of equation (2) which is asymp- 
totic to one of its formal solutions in powers of 1/a or of 1/Va will be 
algebraically transcendental. It will satisfy the Riccati equation 


p(x) + L (x) ip (x) {? + M (x) o (x) + N (a) =0, 


where M (x) and N (2) are determined from equations (10). 


a ee es a 
For the ordinary difference equation R(x) =k (a+ 1) (w+3)’ ¥ /4, 





and for the q-difference equation R(x) = k aes are » k$—q'/(1+q')?, 


where ¢ is a rational number, the normal form (2) has no algebraic solution; 
while equation (11) does have a rational solution. The normal equations, 
therefore, have as solutions transcendental functions which also satisfy Riccati 
equations. I expect to develop the theory of these functions in detail. 


§5. Hquations Having only Transcendentally Transcendental Solutions. 


A result obtained in the preceding section may be restated in the following 
form :* ) 


If the equation 
R (x) 
= + — ] 9 
has no algebraic solution, then all its solutions are transcendentally transcen- 
dental, provided that the equation 
a’ R, (x) L,(%) + a? {Ry (4%) +13 L, (4%) —a}R,(%) +13 L(x) © 
— R(x) L(x) —aR;(x)/R, (x) =0 (11) 
has no rational solution. 
We shall next consider rational solutions of equation (11). In order to 
do this, we shall first investigate the relative number of poles and zeros of L (a) 
by means of series. Make the substitution 





* This theorem is here derived by means of a theorem of Stridsberg guoted in the preceding section. 
I had, however, proved the theorem in essentially the present form before the work of Stridsberg came to 
my attention. In view of the results in § 4, it is seen that the two theorems are equivalent. 
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Liaj= te + 4... 2? +004 L$ 0, 

R (a) =r, 2° + 7, O tt wees I'm 9, 
in equation (11). Equating the coefficients of the highest powers of x to zero, 
we shall have for the ordinary difference equation when m > 0, 


yb, (0) — {m} = 0, 
the quantity {m} entering only if m+a=—1; 
Vm r—1 (9) + %m—1 2 (0) + %m ly (2m + 3A4+ m+ 24—m—A)—}m} =), 
the quantity {m} entering only if m+a=0. 
It is obvious that these equations can be satisfied only when A= — m/2 
or A=—™m™. 
If m=0, our equations are 
rot, (0) +, (0) — {st = 0, 
where {s{ is a constant +0 and enters only if AS — 2; 
rsh (0) + ryh (0) +4, (0) +h (24—A) + rol (42) — fs} =, 
where js} enters only if a<—2. 
These equations can be satisfied by A=0, A= —k-+1, where r_,a“* is 
the second term in the expansion of R(a), or by r, = —1/4. 
If m < 0, the equations are 
1, (0) + {mt =0, 
where }m} enters only if A= —1; 
h_, (0) +4, (24—A) + fm} =0, 
where {m} enters only if 2 =0. 
These equations can be satisfied for no value of 4; that is, if R(a) is 
zero at infinity,* there is no rational L (x) satisfying equation (11). 
For the g-difference equation the same method gives the following results: 
m>0, A=—m/2—1 or A=—m—1; 
m =0, there can exist a rational L(x) satisfying the equation (11) 
only when r, = — q'**/(1+ q'**)?, where A is an integer; 
m <0, there exists no rational L(x) satisfying the equation. 


Expansions in the neighborhood of the origin will give analogous results 
for the q-difference equation. 





* This was the case proved by Tietze. 


ahs) 
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We shall next consider the possible number and location of the poles of 
the rational function Z (x) satisfying equation (11). If the leftmost zero or 
pole of R(x) in any congruent set is a and the rightmost is a,, then the left- 
most pole of R,(x)/R,(x) in the same set is a_, and the rightmost is a,_,. 
If L(x) has a congruent pole to the left of a,, then Z,(z) has a pole to the 
left of a_,; and since R,(x) does not have a zero to the left of that point, 
L(x), L,(x), or L,(x) must have a pole at the point at which Z,(z) has a pole. 
Then L(x) has a pole farther to the left, and it must again be balanced and 
there must be an infinite number of congruent poles. Similarly, one sees that 
the rightmost pole of L(x) can not be to the right of a, without introducing 
an infinite number of congruent poles. Thus, it follows that the congruent poles 
of a rational ‘solution L(x) in any set can be only at the points a,, a,,...., @;, 
where a and a, are the leftmost and rightmost congruent zeros or poles of R (2) 
in that set. Clearly, L(x) can not have a pole which is not congruent to a zero 
or a pole of R(x). Likewise it can be shown that there can be no rational L (x) 
for an R(x) which has a zero or pole to which there is no congruent zero or 
pole, the origin excepted for the q-difference equation. The order of any pole 
can not be greater than the sum of the orders of the congruent zeros and poles 
of R(x). 

We have found an upper bound to the number and order, and have found 
the possible locations of the poles of L(x), and we know the relative number of 
poles and zeros, except when the expansion for R(x) starts with the particular 
constants noted above; we may therefore replace L(x) by P(x)/Q(a), where 
Q(x) is a fully determined polynomial and P(x) is a polynomial of known 
degree, with the exceptions noted. We can substitute a polynomial of proper 
degree for P(x) and determine its coefficients by simple algebraic processes 
if a rational L(#) exists. In the exceptional cases we can substitute a general 
polynomial and reckon out its degree as well as its coefficients. 

In addition to furnishing methods for determining the character of the 
solutions of any given equation, the results obtained in this paper enable us 
to name a number of classes of equations which have only transcendentally 
transcendental solutions. We shall define the more comprehensive classes in 


the following theorems: 


The equation 


R (a) - 
(x) * 


has only transcendentally transcendental solutions, provided that R(x) has a 


9(#+1) = 
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pole of odd order at infinity and has a zero or a pole to which there is no con- 
gruent zero or pole. 


The equation 


— &(%) _ 


has only transcendentally transcendental solutions, provided that R(x) satisfies 
any one of the following sets of conditions: 

1) R(x) has a zero at infinity [zero] and a pole of odd order at zero 
[infinity]. 

2) R(x) has a pole of odd order at infinity [zero] and a pole of even order 
at zero [infinity], and has a zero or pole to which there is no congruent zero 
or pole. 

3) R(x) has a pole of odd order at infinity [zero], and at zero [infinity] 
is a constant different from zero, infinity and —q‘/(1+4q')?, where t is a 
rational number. 


We return to a consideration of the normal form (3), 9,(x)o(z) = R(2). 
This equation transforms by a linear fractional substitution (see $1) to the 
normal form (2); and hence, by § 4, if the normal form (3) has no algebraic 
solutions, its algebraically transcendental solutions, if any exist, satisfy a 
Riccati equation. If, as in the preceding section, we assume that a solution 
(x) of equation (3) also satisfies the Riccati equation 


q' (x) + L(x) \o(x) {? + M(x) o(x) + N (x) =0, 
we are led in the same way to the following equations which must be satisfied 
by rational functions L(7), M(x), N(a): 
L(x) R(x) + aN, (x) =0, 
aM, (x) + M(x) +R’ (x)/R(x) =0, 
al,(x) R(2)+ N(x) =0. 


Consider the second of these equations. The poles of R’(x2)/R(x) are all 
of first order, and the residues at those poles are all integers. Consequently, we 
are led to see that, in order for M(z) to be rational, it must have all its poles 
of the first order, and the residues at the poles must be integers. These proper- 
ties of M(x) are sufficient to make the expressions e/”* and e/*@4* repre- 
sent rational functions. If we integrate the equation and write in exponential 
form, we have 


ef eM (2) dx ef M(a)dz ef B'@)/R(a) dz = 1. 
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Write 1/D(x) for e/”™#4*, and the above equation readily reduces to 
D, (x) D(x) = R(x). 
Since D(x) is rational, we see that a necessary condition that the equation in 
M(x) have a rational solution, is that the normal equation (3) have a rational 
solution. A consideration of the first and third of the set of three equations 
given above will lead to the same conclusion unless L(x) and N (x) are both zero. 
We have then the following theorem: 


If the equation 
R(x) 


p (a) 


has no algebraic solution, all its solutions are transcendentally transcendental. 





?, (7) = 


BLOOMINGTON, INDIANA. 














Binary Conditions for Double and Triple Points on a Cubic.” 


By Leroy A. Hownanp. 

The cubic plane curve has been exhaustively studied by use of the theory 
of ternary forms. Conditions necessary and sufficient for the existence of one 
or more double points, of a triple point, ete., have been derived in terms of 
ternary invariants, chiefly by Aronhold, Gordan, Clebsch and Gundelfinger.t 

The theory of binary forms, however, may also be applied to the study of 
the cubic. Compare, for example, the treatment of the inflexions of a cubic by 
Clebsch ¢ and by the writer.§ Conditions that a cubic degenerate into a conic 
and a straight line or into three straight lines (non-current), 7. e., conditions 
for two or three double points, were derived by Brioschi, expressed in terms 
of the simultaneous invariants of two binary forms.|| In this paper conditions 
of the same nature will be derived for the case of one double point (node or 
cusp) and for the case of a triple point. 

The argument will be based upon two properties of the polars of algebraic 
plane curves. Let P be a point of the curve C,, and let Q be a point of the 
plane not lying on a tangent to C,, at P. 

Property I. A necessary and sufficient condition that P be an r-fold point 
for C,, is that the first r—1 polars of C,, with respect to Q pass through P. 

That it is necessary follows at once from the well-known 

TueoreM A. An r-fold point of C, is an (r—s)-fold point of the s-th 
polar (s<r) of any other point. 

To prove it sufficient we will take the vertices [II and I of the frame of 
reference to be the points P and Q respectively. The equation of the curve 
will then be 

gu, + Up 7 Ug +... + 2gU,—, + U, = 0, 
and the equations of the polars will be 





* Read before the American Mathematical Society, April 27, 1912. 

+ Cf. Clebsch-Lindemann, Vorlesungen iiber Geometrie, Bd. I, p. 580 ff. 

<~ “Theorie der Biniren Formen,” pp. 234-254. 

§ Dissertation, Miinchen, 1908. 

|| *Sulle condizioni per la decomposizione di una forma cubica ternaria in tre fattori lineari,” 
Annali di Matematica, (2) VII (1875), pp. 189-192. ‘“Sulle condizioni per la decomposizione di una cubica 
in una conica ed in una retta,” Acc. R. d, L., (2) III (1876), pp. 89-90. 
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dl Se “ +5 Ou, = 
ae, ae, og 

«5M aug O° U a 

a gg tS ge te gg 


: - ot Un 
Xs Oar +. oe lk Ox 1 "= 0. 


Since by hypothesis all these polars pass through III, we have 


Ou, Ou, uy _ re. 0 

Ox, Oa Oa “'° Oat? ~ 
This means that wu, is divisible by x, for k=1,2,....,r—1. But the first 
non-vanishing « may not be divisible by x,, otherwise I would be on a tangent 


to C,, at III, contrary to hypothesis. Consequently, 
U, =U, =H Ug =.... = 4,_, =), 


and C, has an r-fold point. 

Property II. A necessary and sufficient condition that s of the r branches 
of C,, through P be tangent at P to a line t, is that C, and its first s—1 polars 
with respect to Q be tangent to t at P. 

To prove the condition sufficient we choose the frame of reference as 
before, taking, in addition, the side I to be the line ¢. The equations of the 
curve and its polars are then 


es ue tag a bt... $u, =), 





gn 0 u,.- a Ou, — 0, 
$= Oa, Ox, 
setae at ieelt eal sa el arate ae tack : 
po] —] 
irs Oru, — f + oO a —0 
ox i 
Assume 
U, =A, Ui + ra, ta +.... + 7a, 2,057) + a, 05. 

Then 


oes =r(r—1)....(r—k+1) [a af-* + (r—k) a, wf" a+... +a, 23"). 
| 


By hypothesis this must be divisible by x, for k=0,1,....,s—1. That is, 
a. 20 for b= 0,1, 5, ....40-1. 
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Hence, 


U, =A U+7ra,c'a+....4+ es a A,X, Uy", 
which proves the theorem. 


That the condition is necessary is well known, and is indeed obvious, if we 
write down the equation of C,, referred to the frame of reference chosen above. 


Consider the cubic 
ys + U,y3 + U,y, + U; = 9. 
The transformation with determinant equal to 1, 
y= YN, UX = Yo» a,=4U,+ ys, 
carries this over into 
v3—3fa%,+29=0, (1) 
where / and ¢ are forms of the second and third degree respectively in a, and 2,. 


If the line 


% = §, (2) 
cuts the curve at P in three coincident points, we have 

3 fE, +2o—xt. (3) 

A necessary and sufficient condition that P be a double point is (Property I) 


that the polar of III pass through P; 2. e., that 
&? — f be divisible by 7,, (4) 
or, representing f and @ symbolically by a? and a}, that 
(En)? — (an)? = 0. (9) 
We shall use the following simultaneous invariants of / and ¢, the notation 
being that of Clebsch: 
D = (ab)?’, discriminant of f; 
A= (a8)?a,8,, Hessian of 9; 
R= (QQ’)*, discriminant of A and of 9; 


P= (aa)’a,; 
E = (aQ)’; 
F = (ap)’; 


F —2DE is the resultant of f and 9. 
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We shall also use the following abbreviations: 
K=(a&)*, L=(agé)(an), M=(an)*, N=(&n)’*. 
Using a well-known symbolic identity, we find 
Nf=Kr7?—2LEr,—ME?*. (6) 
Combining (3) and (6), we have 
IN@=Nvwi4+38K Ev?—6LEn+ (83M —N)E. (7) 
Building the invariants of f and @ by means of (6) and (7), we find 
DN =2(KM—L?), 
2p = (2D—K)&+ My, 
4F = K*+M*°—2K0LM+4D(ML—K’)+4D°K, 
2H =KD+LIM—K?—LN, 


8R=4K?+8L'—12 KLM—6 DK*+12 K LN—12 DLN—9 M?N 
+6MN*—N 


(8) 





The quantities 
A=8E—D*, 9 
a ee (9) 
have the values 
A=4L(M—N)—(2K—D)’, (10) 
B=6L(M—N) (2K —D)—(4M—N) (M—N)?--(2 K —D)3,* (11) 
A’ + B? = (M—N)? [64 LB? (M—N)—12 2? (2K —D)?+(4M—N)?(M—N)? 
—12L(4M—N)(M—N)(2K—D)+2(4M--N)(2K—D)?}]. 


By use of the first equation (8), we can change this into 


A’ + B? = (M—N)®[16L (2D—K) (M—N)—4L (2K —D) (4M—N) 
+16L°+(4M—N)?(M—N)—4(2K—D)?(2D—K)]. (12) 


A necessary condition for a double point is then 
A’ + B?=0. (13) 


It does not appear to be sufficient, for when A* + B? is zero, it may happen 
that M—N is not zero, but rather the quantity in brackets. (13) is not a 
sufficient condition that P be a double point; it is, however, sufficient that the 
curve have a double point, as we can show by using some results of Clebsch. 
Clebsch shows that if 7,= &, is a line which cuts the curve in three coin- 
cident points, the other lines having this property are 


* Equations (6)-(11) are taken, with some change of form and corrections for misprints, from 
Clebsch, loc. cit., p. 241. 
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Xs ae &, “+ &, 
—3(&—m?n) + V9(E—m?x)?—12(1— m®) (22@—mr?—f) (14) 


oe 2 (1— m?) 





where m is a root of the equation 
(M— WN) m!—2(2K—D)m'+6Lm’?—(4M—N)m+(K—2D) =0.* (15) 
The two invariants of this biquadratic are 
i=3DN—6(KM—L?), 
j= —8[16L(2D—K) (M—N)—4L(2K—D) (4M—N)+16L3 
+ (M—N)(4M—N)*?—4(2K—D)?(2D—K)]. 
1 = 0 by reason of the first of equations (8). Hence, if 7 is zero, the equation 
(15) has a triple root, (14) gives only four values of 2 and there are but five 
lines which meet the curve in three coincident points. This can happen only 
when the curve has a double point. Therefore, (13) is a sufficient condition. 
We have, however, overlooked the possibility that the curve may have a 
double point the tangent at which goes through III. Any line through III has 
the form 
. 6p = 0, 2, +O, % = 0. 
Both ¢, and @, can not be zero. Let us suppose ¢, 0. If this line cuts the 
curve in three coincident points, then 


Gi @3 —3C, (a0)? v5 a, + 2 (ac)* a3 
must be a cube and hence its Hessian must vanish identically; 7. e., 
Gi(egh= ’ 203 (af) =0, 
or f and @ have a common factor, and ¢,=0 cuts the curve where 2, = 0. 
For a double point it is necessary and sufficient that the three polars 


pass through it. Hence, ¢, must also be a factor of oo and oo and there- 


Ox, Ox,’ 
fore a double factor of g. The conditions that f and @ have a common factor, 
which is a double factor of 9, are easily seen to be 


R= E= F=@ 
In this ease A = — D?, B= D* and A’ + B?=0. 





* Loc. cit., p. 240; or for the form used here, cf. Howland, Dissertation, p. 11 ff. 
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THeorem. The necessary and sufficient condition that the cubic (1) have 
a double point, is 42+ BP =0. 

For a cusp, the tangent at which does not go through III, we must have 
(Property ITI) 2, = &, tangent to «3 — f = 0, 7. e., £2? — f must be divisible by 7?. 
Hence, in addition to M— N =0, the discriminant of &?— f must vanish, or 
2(a&)?— (ab)? =2K —D=0. 

In this case we see from equations (10) and (11) that d=B=0. Con- 
versely, if 4 = 6 =0, we have a double point and hence M—N=0. (10) 
shows that then 2K — D =O also and the point is a cusp. 

If the tangent passes through III, we have shown that the point must be 
the point ¢,: —f,:0 and that R= E=F=0. 


The equation of the tangents at this point is 
292i +4 D2 X, Lp + 2 Py %2 — 6 f, LX, 1, — 6 f, Xx, = 0, 


¢., —&, being substituted for 2,, x, in the coefficients. 


For a cusp this must be a constant multiple of ¢?, and hence 
91 G2 — G2 =9, fr =9, f,= 9. 

The first equation says that the Hessian of @ has the factor ¢,. This gives 
nothing new, for, as is well known, a double factor of ¢ is also a double factor 
of its Hessian. The other two equations, however, tell us that / has a double 
factor [,. Consequently, D = 0, and by equation (9), d= B=0. 

THEoREM. The necessary and sufficient conditions that the cubic (1) have 
acuspareA=B=0. 

Instead of taking up next the case of a triple point of a cubic, we shall 
consider a more general problem, for it is possible by this method to handle 
the problem of an n-fold point on a curve of the n-th degree. 


The equation of the curve being 
Ys + Uys + ys +...-+U%1Y¥s +, = 9, 


we can transform it by the transformation with determinant 1, 


1 
V=Yi; I's = Yo, Ls = 7 0, + Ye, 
into 


i a | 
vill ve? + sll U3 > +....+nU,,%+u, = 9. (16) 


n ; 
” | ie 3! 


The polars of this curve with respect to the vertex III are: 
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1 


—1)(n—2 
gt et) gett. Hayy =O, 





—2) (n— é' 
agent. (n ae 3) Us ae-* arenes + U,~s = 0, 


3 + 3 Uy % + Uz = 0, 

x3 +u,=0, 

2, = 0. 
If this curve has an n-fold point P, then, by Theorem A, this point is (w—1)- 
fold for the first polar, (n—2)-fold for the second, ...., a double point for 
the (n—2)-th polar and a simple point for the (n—1)-th. It follows directly 
from this that u,, Us, ...., U,—;, u, are constant multiples of the second, third, 

.., (n—1)-th, n-th powers of the same linear form, a, = a,%, + a, 2%. 
These conditions are evidently sufficient, for the equation then has the form 


ve + aazazs?+ Baiagft+....+var=—0, (17) 
and any line through the point — a,: a, : 0, 
tz + Aa, = 0, 


obviously has with this curve at P a multiplicity of intersection equal to n. 
The equations of the lines into which (17) degenerates are 


ey = Ag Mgs o> ae) 
where 
ZA=eO, TAA, = G.- «+ +p AQ ss - A= (1), 
or, in other words, the 4’s are roots of the equation 


An + aan? + Bavet.... tv=0. 


a, may be found as the square root of u,. In case u, vanishes identically, 
a, may be found as the quotient of u; by u;_,, or, if there is no pair of con- 


Ou, 


secutive non-vanishing w’s, as the quotient of u, by aa 
oa 


H (u,) =0 is a necessary and sufficient condition that u, be a p-th power, 
H(u,) being the Hessian of u,. H(u,)=0, H(u,)=0, I (u,, u,) =0 are 
conditions that uv, and u, be powers of the same linear form, J(u, ,u,) being any 
simultaneous invariant of uv, and w,. 

TueoreM. Necessary and sufficient conditions that a curve of the n-th 
degree have an n-fold point are (when the equation of the curve has been 


brought into the form (16)) 
H (u,) = H (uz) =.... =A (u,) = 9, 
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together with a set obtained by equating to zero any simultaneous invariants 
of a non-vanishing u with each of the other w’s. 
In particular, then, the conditions for a triple point on the eubie 
v3—3f%,+29=0 
will be 
D=0, A=0, F=0. 

The ternary condition for an n-fold point is the identical vanishing of the 
Hessian. This gives rise to $(3n—5) (3n—4) equations among the coefficients. 
The set of conditions above give rise to but (n—1)?+n—2 = n?—n—1.* 

The number of conditions for the conic, cubic, quartic and quintic in the 
two cases are: 1, 10, 28, 55, and 1, 5, 11, 19 respectively. 


MIDDLETOWN, ConNn., April, 1912. 





* It is not intended here to imply that this is a minimum set of conditions. Cf. O. E. Glenn, “On 
Semi-discriminants of Ternary Forms,” Transactions of the American Mathematical Society, Vol. XII, 


No. 3 (1911), pp. 367-374. 











Modular Invariants of Two Pairs of Cogredient Variables. 


By Wiiu1am C. KratHwo8t. 





Introduction. 


§ 1. By the term invariant will here be understood a polynomial J in 
iy Yi) Ly Y, With integral coefficients taken modulo p such that 


I (x,, Yi» Xs) Yo) = (ad—be)* I (x,y, %, y), (mod. p), 
for every transformation 
e  « % =ay+by,, ~®=amy+dby,, 
cdf y=ceuytdy,, Y=cm+dy, 
with integral cvefficients. 
The constant exponent u is called the index of the invariant. 
The main result of the investigation is the following 
TueoreEM. As a fundamental system of invariants we may take 


’ Q; = 


UY Ue YE 
DL: Yi Uv; Yi 
M=2,y,—%%,, M,=a%,yi—y,2?, M,=xy,—yix,, 
M3*' L?-*-' + (—1)* M2 Ls 
M? ; 
The absolute invariants Q;* and N, are actually integral functions of 
Lis Yr» Uy Yo: 
Among the syzygies needed are 


(S,) L,£,+M,M,—M**!=0, 
(S,) M,LY'+ M?—M?Q, =), 
(S,) M,LS'*+ M?—M?Q,=0. 
The invariants N, can be shown to be integral as follows: Multiplying 
numerator and denominator of N, by Li, we get 
My* LP + (—1)* Mee Li Ly (1) 
M? Li 
Multiplying syzygy (S,) by Mz, we have 
M3*' LP" = M?Q, M; — MPM. 








/L;; (4:= 1, 2), 


t 








N,= (1SsSp—2). 


N,= 





* Dickson, Transactions American Mathematical Society, Vol. XII, pp. 1-12. 
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Solving syzygy (S,) for Z, Z, and then raising L, L, to the s-th power, we get 

(L, Tn)" = 3 (—1)*(4,) (P+) (M, M,)* (3) 
k=0 k 
Substituting (2) and (3) in (1), we get 
s—1 

ay _ Meus + (DME E (= 1)! (;,) (Mem) (ME, M,)* 
a —”:C«<@aMP me 
Every term in the numerator of N, now contains M? as a factor. Since M? 


is prime to Li, the numerator of N, is divisible by their product, and hence 
N, is integral in 2,, y,, x, and y. 





Prelimmary Theorems. 
§2. Tuerorem. The sum of the exponents of either set of cogredient 
variables in any term of an invariant is congruent modulo p—1 to the index u 


of the imvariant. 
This is proved by applying one of the transformations 


6 °) © 0 
01/7’ \Oa/)’ 
where a is a primitive root of p. 


§ 3. Definition. We shall say that z,, y, form one set of variables and 


L,, Y, the other set. 
THoreorem. The terms of an invariant which are homogeneous in each set 


of variables form an mvariant. 
We write the invariant as a sum of polynomials each homogeneous in each 
set of variables, and such that the sum of no two of these polynomials has that 


property. Then, since the linear transformation » > leaves unchanged the 


degree in each set of variables, each polynomial is evidently an invariant. 

These theorems show that it is sufficient to consider an invariant of the 
form 

T= 8 5 C® yf af + af ty, FCO ys af +...., 

where the C’s are integers modulo p, e=v—s(p—1), f=w+s(p— 1) | 
s runs from zero to such a value in any sum that none of the exponents in that 
sum are negative, and e=f-+u (mod. p—1). 

§ 4. Definition. A semi-invariant is a polynomial J in z,, y, with integral 
coefficients taken modulo p such that 

I (x, y,) =b*T (a, y;); (mod. p), 


for every transformation cS >. 
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We will make considerable use of the semi-invariants y, and 
p—l 
A=a—a2z,y?' =a (u,—hy,). 
h=0 
We have 


L, =y,A, Q, =art+ *, 
N,= 42? AP ** + y,(). 


Products of the Invariants. 


§5. Lemma. If m and k are any integers for which 1<m<p—2 and 
1<k<™m, there exists a product 1(N) of powers of N,,...., N,,, the first 
term of whose expansion is 27”? Ak@-D)—m, 

If m=kn, we may take 

na(N) = NE. 
If m is not a multiple of k, let x be the integer for which 
m 


n+1 
7 (N) = | gi llias —:. 


§6. Lemma. There exists a product 7(M) of powers of M, M,, M, of 
the form xi (y?) +...., where w and v are any given integers for which either 


(1) v=u+k(p—1), (0<k<u, v2u>0), 


“he. 
n 


Then we may take 


" (2) u=v+k(p—1), (O<k<v, uzu>0). 
If (1) holds, we may take 
a(M) = M'M*F" My, l=u—k—m(p+1). 
If (2) holds, we may take 
a(M) = MM? M3", l=v—k—m(p+1). 


Fundamental Theorems. 


Uu 
§ 7. THEoreM. Given any invariant I = S ay yo f, (x, y,), determine 


k=0 
the integer s such that s=u (mod. p) and 0<s<p—1. Then f,(%,, y,) has 
the factor yj if t<-s. 

The theorem is obvious for s=0. If s #0, we will apply the trans- 
formation ( a to I, and form I (w+ y, y) —I (a, y), which must vanish 
identically. Equating to zero the coefficients of x“ yj (k=0,...., s), we get 
the following equations: 


ae k he (2, + 1. %) — ho (2, Y;) ae @; (1) 
= on (x, + 913%) +f, (x, + Wi5 Y,) —f, (z,; Y;) — 0, (2) 


—— 


k=0 
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s—k\ _ (s—k)(s—k—1)....(s—r+l]1) ,(s—k 
where oer = 7 , l<rss, and Ga) #9 


(mod. p) since s < p. 


The proof is made by mathematical induction. First let us assume that 
fos tis - +++) fy each have the factor y,, where l1<m+1<s—1. Putting for r 
the value m+ 2 in equations (2), we have 


Ss —m—1 
Cm po hl(mt ym) tot(? ) far (21+ Yas th) 
+ a (2, +MY) Y;) — fats (2, Y,) c= &. 
Putting y, =0 gives us f,,,,(”,,0)=0. Hence, f,,,, has the factor y,. For 
r=1, equations (2) give us 
Sho (% + 915A) HA (G+ Is W1) —fy (%, Y,) = 9. 
Putting y, = 0 gives us f, (v,,0) =0, and hence f, (a,, y,) has the factor y,. 


Hence, f,, /;, ..--, f,-, each have the factor y,. 
Let us next assume f,,/,,...-,f, each have the factor y?; then we will 
prove that f,, f,,.---, fm—, each have the factor y[*'. 


Let f,(%,,y,) = yt fi (%, y,), where OSt<m. From (2) we get, after 
dividing out y? from the first m equations, m equations of the form of (2) in 
the preceding discussion, but with f; in place of f,. Hence, fo, fi, ...., fr 
each have the factor y,; and hence f,, f,,...-., f,—; each have the factor y/*'. 

We have proved that /f,,/,,....,f,, each have the factor y,; hence 
fos fis «++ +) fy each have the factor y?. Similarly, /,,/f,,...., f, each have 


the factor yf“. 
§ 8. Lemma. The polynomial /, is a semi-invariant. This follows from 


equation (1) of $7. 
§9. THrorem. The highest power of x, that occurs in any semi-invariant 


is congruent to zero modulo p. 
As in the theorem of § 2, we can show that the exponents of the same 


variable in different terms differ by multiples of p—1. Hence, let the semi- 


invariant be 
f (%,y:) =Cyat yi + Carer gto Me is eso 


Let us suppose that wu is not congruent to zero modulo p. Then, since / (2%,, y,) 
is unaltered under the transformation S 1) > f(%+%54,) —f(%,y,) is 
identically zero. This gives us the equation 


aC, a7 ‘gi = 0. 


Since u is not zero, C,i= 0. 
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Classification of Invariants. 

§ 10. Definition. An invariant is said to be of type jt}, if it is of the 
form 27f,(,,y,) +...., where f, 0, and each (§ 2) exponent of 2, in f, is 
congruent to ¢ modulo p—1, where 1<¢<p—2.* 

Definition. An invariant is said to be of type {0}, if it is of the form 
xy DT go (5 Yo) +...-, Where g, #0, and each exponent of x, in g, is congruent 
to zero modulo p—1. 

Definition. An invariant is said to be of type }0}’, if it is of type }0! 
and the exponent of y, in g, (%,, y,) is less than p —1.+ 

Definition. An invariant is said to be reduced, if it can be written as the 
sum of invariants or if its semi-invariant leader can be written as an invariant 
multiplied by a semi-invariant of lower degree. 

Definition. The grade of the semi-invariant of 1 = a7 Lig,(x,,y,)+.... 
is the degree of g, (%,, y;)-. 

Reduction of Invariants of Type jt}. 

§11. Lemma. Any invariant of type {t} can be reduced either to an 

invariant of type }0}, }0}’ or to one which contains x, as a factor. The grade 


of the semi-invariant of the reduced invariant is less by pt + t#. 
The general form of such an invariant is 
T=a28(C,y?tioit....+C, yah) +...., (1) 
where a=d (p?—p) +h(p—1) +r, b=g(p?—p)+k(p—1), rSp—2, 
sSp—2, k<p—1, h<p—1 and 1<t<p—2. The C’s are integers modulo p 
such that at least one of them does not vanish. 
Case l. ts. 
Since the semi-invariant leader has the factor vj and yj, it has the factor 
L‘, and hence equation (1) can be written 
Pon efi (C, 00" +... Pe ces (2) 
where e = g(p?— p) +(k—t)(p—1). This is an invariant of type }0}, the 
grade of whose semi-invariant is less by pt +t. If e=0, I is of type }0}’. 
If e <0, the semi-invariant of equation (2) is identically zero and J has the 
factor %,. 
Case 2. t>s and t—k #0 (mod. p). 

Since, in equation (1), 6+ ¢=t—k modulo p and this is not congruent 
to zero modulo p, it follows from $9 that C,,=0. Hence, as in case 1, the 
semi-invariant of J has the factor L} and can be reduced to the form of 
equation (2). 


* If an invariant is of the form J=2,." 1," 9 (4, ¥:) +...., Where each exponent of x, in gp (4, Y;) 
is congruent to t modulo p—1 and 1<t<p—2, it is assumed in the following discussion that 
I= 2" fo (@15 Yi) +...+, Where fy (41, Ys) =1y" Mo (415 Y1)- 


+ By § 2, g (%,, y¥:) contains only one term which is a power of y,. 
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Case 3. t>s and t—k=0 (mod. p). 

Since both ¢ and & are less than p, it follows that t=k. By § 2, 
a+t=6+s modulo p—1. Hence, r=s—t (mod. p—1), which gives 
r=p—1+s—t. If C,=0, the reduction is effected as in case 1. If 
C,, #0, there is a condition imposed on h by $7. Since a=s—h—t—1 
(mod. p), and since this is less than zero, the semi-invariant of equation (1) 
must contain y, either to the power p+s—h—t—1 or, if this is still 
negative, to the power 2p +s—h—t—1. In the first instance, by § 7, 
p+s—h—t—1ss. Hence, h=p—1—t-+n, where 0<n<s. The ex- 
ponent a of equation (1) can now be written in the form 

[d (p°—p)] + [n(p—1) +5] + [(p —1—1%) p], 

and the exponent b + ¢ of equation (1) can be written as 

eile tpt) ~ fet ~29j. 
If g+1<p—1-—+t, we will form 

l’=I—C,,2(M) x(N) Q3. 
If g+1=p—1—t+l, where 1>0, we will form 
’=I—C,2(M) a(N) Qi QS. 

Here, by § 6, m(M) =az®-Y yf +..... If s=0, we will take 7(M) = 1. 
By $5, «4 (8) = ef or gerne 8 t..... Then the semi-invariant 
of I’ has, as in ease 1, the factor ZL}, and hence has the form of equation (2). 

If g>0, I’ is of type {0} and the grade of the semi-invariant of I’ is less 
than that of J by pt+t. Since the term involving the highest power of x, in 
the semi-invariant of J’ is of the form C(,_, y?~?t*—' a@-D@-»), if g =0, the 
terms involving xf vanish and I’ has the factor 2,. 

In the second instance a similar line of argument shows that h = 2p —1 
—t+n, where 0<n<s. This can then be treated like the case above by 
replacing Q¢ by Qgt'. 

Forms of Certain Invariants. 

§ 12. Lemma. If v is a number of the form d(p?— p) + h(p—1) + u, 
where 0<u <h<p—1, and if f(2%,, y,) is a function of x, and y, which does 
not contain the factor y,, then there is no invariant of the form 

[= 2 Co yi Li f (x,, Y,) 4 © 54454 
unless r2>p—h or else C,=0. 

Since L, contains y, to the first power only, and since v =p—h-+u 
(mod. p), where 0< p—h+us<p—l1, f, must contain, by § 7, the factor 
ye-*+", hence p—h+usu+r, and hence r= p—h. 

Remark. If r<p—h and the coefficient of 7; is a function of x, and y, 
not a constant, then, by § 7, C, =0. If the coefficient of x; is a constant, then, 
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since an invariant in two variables is a special case of a semi-invariant, 
C,=0 by $9. 

§13. Lemma. If v is a number of the form d(p?— p) +h(p—1)+4, 
where 0<u<h<p—1, then there is no invariant of either of the forms 


(1) L=az(Coyf)+..-.; 
(2) L=ay(CQoyit....)+...., 
where C, $0. 

The first case follows from § 12 by taking r=0 and f(2,, y,)=1. If we 
apply the substitution (%,, v,) (y,, y.) to the invariant in case (2), we get an 
invariant of the form of that in case (1). Hence, C, in case (2) equals zero. 

§14. Lemma. If the degree uw in x, y, of an invariant is less than p, 
and if the coefficient of xy is of the form Li g, (x,, y,), where r > 0, then g, is 
not zero and the invariant has the factor Lj. : 

Let I = x7 Li go (4%, 9:) + 02" Yo f, (%1,4,) +---., Where u<p—1. If 
g, is zero, I has the factor LZ, at least to the first power. This is of degree 
p+1 ina, and y,, which is greater than uw, and hence J is identically zero. 

If g, is not zero, then, by § 7, f,,...., f,-, each have the factor y,. Since 
fo (Yi» 41) = fu (4%, Y,) and since f,(x,,y,) has the factor x,, we see that 
f, (%,, y,) has the factor y,. Hence, J has the factor y, and hence the factor 


L,. Let 


I 
IM = = ay Lim" gy (Lj, 4:) +----- 


1 
If r 22, Z™ can be shown to have the factor Z,, and eventually 


IO= is = UF Go (X,Y) +.---- 
Hence, J has the factor Lj. 
§ 15. Lemma. There is no invariant of degree less than p in %, y, 
whose semi-invariant leader is an invariant of two variables. 
Let Li be the highest power of Z, which is contained in the semi-invariant 
leader. Then 
[= 23 Di gy (X15 Y;) Peete y 
where u <p and g, is an invariant which does not contain y, as a factor. By 
§ 14, IZ has the factor Z{. Hence, let 
LO = in = Xz J (%,Y)+.----. 
By § 7, g, must contain y} as a factor; hence, g,=0. Then, by $14, J is 
identically zero. 
Reduction of Invariants of Type }0}. 
§16. Lemma. <Any invariant of the form J=23(C, Li y!)+...., where 
a=d(p?—p)+h(p—1)+u and 0<u<h<p—1, can be reduced to an 
invariant containing x, as a factor. 
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if A? 2, 






We have shown in § 12 that r must equal or exceed p—h.* 
the invariant 





i =I —C Ginx, 
is an invariant having 7, as a factor. If h=1 and d21, then w=0 and 
l’=1—C, QQ, M14 6,Q0¢71 Me} 
has the factor 2. Here d can not equal zero, since, by § 15, there is no 


invariant of the form that J becomes if d=w=0 and h=1. 
$17. Lemma. There is no invariant of the form 


Se De a eo 


where b=g9(p?—p)+k(p—1), OS u<ksp—1 and C,#£0. 
Since u < p, then, by § 14, J has the factor Li. Let 












10 =F = at {Cyy?** + eee ere 


1 





Then, by § 13, C, = 0. 

§18. Lemma. Any invariant of type {0} can be reduced either to one 
of type {0{’ or to one which contains x, as a factor. The grade of the semi- 
invariant of the reduced invariant-is less by p? — 1. 

For the sake of simplicity we will take the genera] form of an invariant 
of type {0} to be 

T= a3 (Cyyht*+:....+C, yf ar) +...., (1) 
where a=d(p?— p)+h(p—1)+s and b=g(p?—p)+k(p—1). Cases 
where the argument is different, when all the terms involving 2 contain L, 
explicitly as a factor, will be treated separately. It should be noted that 
a and b have the correct form for all cases, since, by § 2, a=b-+s (mod. p—1) 
and a+ pr=b+s+,r (mod. p—1). 


Casel. 1<k<p—l. 

Since k is not congruent to zero modulo p, it follows from $9 that C,, = 0. 
Hence, the semi-invariant of any invariant of this form contains y, as a factor 
to the power s+ k(p—1). 

If, in equation (1), a2b+s, let g (p?—p) +k(p—1)+s=u, and let 
d(p?—p) +h(p—1)+s=u4+d (p?—p) +h’ (p—1), where 0<h’< p—1. 
Since k>1, it follows that w30 and h’ <u; hence, there exists a 

(M) = a°°-** (Ci yf) +..... 





















We will let 





l’ =I—C,Q¢ x(M). 


















* It is sufficient to use r=p—h. The remaining powers of L, can be carried along in the reduction. 
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If a<b+s, let d(p’—p)+h(p—1)+s=u and let g(p?—p)+k(p—1) 
+s=u+g'(p?—p)+k' (p—1), where 0<k’<p—1. If k’>0, then, by $17, 
C,=0. If.k’<u and u+$0, there exists a a(M) = a3 (C, yPO-Yt") +o. 
Then we will let ; 

I'=I—C,Q7 2(M). 
If u=0, J is a function of x, and y,, and hence a function of L, and Q,.* 

In either case the semi-invariant of I’ contains the factors 2?-! and y?-', 
unless the semi-invariant of J is zero. Hence, the semi-invariant of J’ has the 
factor L?-', and we have 

P= aQ ig (Cy of He once) iccees 
where e = (g —1)(p?—p) + (k—1)(p—1)+s. This is an invariant of 
type {0}, the grade of whose semi-invariant is less by p?—1. If g <1, J’ has 
the factor 7. If g=1 and k=1, I’ is of type }0}’. 
Case 2. k=0 and h<s. 
There are four subcases which we will denote by subscripts. 


Case 2,. h#0 and s#$0. 


Since h<s and s#0, there exists a m(M) = a8 ®-Yt* ys + ..... We will 
first form 
I’ = 1—C,,Q2 Qf a(M) = 28 yt? (Cy yO POM + Ld. . pt... (2) 


We see that the semi-invariant of J’ has the factor yj*”~’. Since h < p, it 
follows that h(p—1)+s< p(p—1) +5; and since h#0, it follows that 
p—h<h(p—1)+s. Hence, there exists aa(M) = ay@ "Pts ystP Pt od, 
~ Let us next form ‘ 
I" =I'—CyQ? Qf! x (M). 
Then the semi-invariant of 7” has the factors x?~' and y?~'. Hence, 7” has the 
factor L?—', and hence 
P= etl gC i+ .++- eee es (3) 
where a=d(p?—p)+h(p—1)+s, c=s+(p—1) and e=(g—2)(p?—p). 
Then J” is an invariant of type {0}, the grade of whose semi-invariant is less 
by p?—1. If g<1, I” has the factor 2,. 
Case 2,. h=0 and s=0. 
By taking the first 2(/) in case 2, equal to unity, we get equation (2). 
If we next form 
I” = 1 — 0; Qf Qf Mr, 
we get equation (3) of case 2,. If d=0, I is a function of L, and Q,.* If 
g =0, I is a function of L, and Q,.* 
* Dickson, /bid. 
58 
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Case 2,. h=0, s$0 and d#0. 
The reduction to equation (2) is the same as in the case 2,._ Let 
I” _ I’ — G i. fb er. 
then J” is in the form of equation (3) of case 2,. If g=0, I’ has the factor z,. 


Case 2,. h=0, s#0 and d=0. 
Let us form 
=I—C, Qf M:. 
If g=0, I’ has the factor 2. If g#0, the semi-invariant of J’ has the 
factor xj and yj, hence the factor Lj. Since the exponent a of x, in this case 
equals s, and this is less than p, then, by § 14, J’ itself has the factor L*. If in 
the beginning 
T= 2, Li gy (x, Y,) sana 
then J’ has the factor Lit*. Let 
ad = pee = (CF Hitt .... CL a) + ...., 
where e= p—1—s and c= (g—1)(p?’—p) +e (p—l). 

From § 7, the semi-invariant of J” has the factor y{, and hence C;, = 0. 
Hence, the semi-invariant of J” has the factors x{ and y{, and hence Lj. 
Since, by § 14, 7” itself has the factor Li, if 

m — 1" 
_ Ms L*’ 
then I’” is of type {0/, but the grade of its semi-invariant is less than that of 
I by p?—1. If g=0, I” has the factor a. If g=1, I’” has the factor z,. 
Case 3. k=0 and h>s. 

Since h>s, then d(p?— p) +h(p—1)+s=p—h+s (mod. p), where 
0<p—h+s<p. By§7, the semi-invariant of equation (1) has the factor 
y?—"**; and since p—h+s>s, C,=0. Hence, if g 0, the semi-invariant 
of J has the factor y?*-’**. If g=0, I has the factor 2 as a consequence of 
§ 13. Since h <p, it follows that h(p—1)+s<p?—p+s. Hence, let 
u=h(p—1)+s. Then p?—p+s=u+(p—h)(p—1). Since h#0, it 
follows that u=0 and p—h<h(p—1)+ 5s. Hence, there exists a 1(M) = 
lla: i eee If we form 

I” =1—C, Qf Qf-'m(M), 
then J” has the form of equation (3) of case 2,. 

It might happen that the semi-invariant of J was of the form Lig, (2,, y,). 

By $12, r2p—h. It is sufficient to user=p—h. If h> i, we will form 


I’ =1—C, Q8Q' NM, 
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If h=1 and d+0, we will form 
V =1—C,,Q2Q¢*' Mr + Cy, QS Q2 MP, 
If h=1 and d=0, then s=0 and 
l= re aaa (C, yf PP) +....+ Cn g7—P)) Se 
Since the exponent of x, is less than p, then, by § 14, J has the factor LZ’. Let 
— 
P= Li ; 
then, by § 7, l’ has the factor y?-', and hence C,, =0. Thus, in all three cases 
we have reduced the invariant 7 to the form where the semi-invariant lacks 
the highest power of z,. This is essentially the form of J at the beginning of 
this case, and hence the reduction can be completed in the same manner. 

In every case we saw that the reduction of an invariant of type }0} always 
led to another invariant of type }0}. By continuing the reduction, we saw that 
we could reduce the grade of the semi-invariant each time by p?—1, until its 
grade lay between zero and p?—1. Let us suppose the degree of the semi- 
invariant is then congruent to s (mod. p—i). Then the exponent of y, has 
the form n(p—1)+s, where 0<n<p+1 and 0<s<p—2. This is the 
case where either g = 1 andk = 1, org=1and k=0, orelse g=0. Wesaw 
that then J either was or could be reduced to an invariant of type }0}’, or else 
it could be reduced to an invariant having the factor x,. This proves the 
lemma of this section. 

§19. Lemma. Any invariant of type }0}’ can be reduced to an invariant 
which contains x, as a factor. 

If J is of the type {0}’, let us suppose 

[= x3 (Co yi) + +--+ 
where a=g(p?—p)+h(p—1)+s. If h<s and s#$0, there exists 
a n(M) =ah?-Dteytt ...,, If s=0, we will take 7(M) =1. Then 

Il’ =I—C, Qi2x(M) 
has the factor 7. If h>0, then either C,=0 by § 13, and hence / has the 
factor 2, or else the semi-invariant of J has the form Lig, (#,,y,), where 
r>p—h. In this instance, by § 16, 7 can then be reduced to an invariant 
having 2, as a factor. 


Reduction of an Invariant in the Degree of x, and y,. 
§ 20. We will let J be a general symbol for an invariant which is ex- 
pressible in terms of the invariants of §1. By means of the lemmas of $ 11, 


§ 18 and § 19, any invariant can be written as 
Il=J+a,()=J+ 1, (e221), 
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where J’ is an invariant not divisible by L,. If I’ involves x, we have similarly 
Pad’ +22 7". 
This process can then be repeated, until we get 
L=J" + 13" F (x,,y,). 
Then F (2,, y,) is an invariant and hence is a function of L, and Q,.* This 
proves the theorem of § 1. 
Invariants for Modulo p=2. 

§ 21. While there are no invariants of the form N, for modulo p= 2, 
the reduction just given will hold for this modulus also, if we bear in mind 
that s=0, and h and k can take only the values zero or unity. Since every 
invariant modulo 2 is of the type }0}, and since the lemma of § 16 involves 
only h=1, the invariants for modulo 2 can be reduced without using the 
invariants N,. 

Independence of Invariants. 


§ 22. Turorem. No one of the invariants Q;, L;, M;, M, N, (0=1, 2; 
s=1,2,....,p—2) is a rational integral function of the remaining ones. 


The theorem follows by noting the degrees in z,, y, and in a, y,, and the 


following additional facts: 
Q; can not be a function of L, (t=1,2). If it were, this function would 


contain L, as a factor, and hence Q; would contain x, as a factor, which is 
impossible. 

M, (i=1,2) can not be a function of M and L,, for by comparing ex- 
ponents we can see that M and L, can occur in such a function only to the first 
degree, and also that the function can not contain the product ML;. Hence, 
if such a function exists, it has the form 

M,=C,M+C,L,. 
Putting 2;=y,=0, where j=1 if t=2, and =2 if 1=1, gives C,=0. 
Since M, is of degree p in y; and M of degree 1 in y;, no such function exists. 

If N, = af? (a2? ?-* +... )+.... Ba function of the invariants in § 1, 
such a function can not contain N,, where ts. For if ¢ >, then tp > sp, 
and if t<s, p?>p—p—t>p?—p-—s. Furthermore, N, can not be a function 
of the invariants L,, L,,M,M, and M,, since these invariants all vanish if 


Y, = Y. = 9, and N, then equals x3” af ?~*. 





CuricaGo, ILx., 1913. 











* Dickson, /bid. 
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